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SCIENTIFIC INSTRUMENTS 


LTHOUGH the consumer is 

really interested in the amount of 
heat (for cooking or heating) which 
can be obtained from the gas supplied, 
it is more convenient for the Gas 
Board to measure the volume of gas 
which each consumer has used. Since 
the Board is obliged by law to main- 
tain a constant calorific value (heating 
power) for the gas it produces, the 
amount of heat supplied to each user 
can be quickly calculated from the 
volume reading on the gas meter. 

Of the several types of instrument 
used for measuring the total volume 
of gas which has flowed through a 
pipe, that chosen for metering the 
domestic gas supply is perhaps the 
most ingenious. The domestic gas 
meter mav be thought of as avery slow- 
running engine. The pressure of the 
gas passing through it is used to drive 
the engine, the motion of which is re- 
corded on the dials of the meter. 

The meter is divided into two parts. 
The gas enters and leaves through the 
upper chamber which also contains 
the recording mechanism. The divided 
lower chamber houses a pair of gas- 
tight leather bags or bellows. These 
and the space around them become 
alternately filled with gas. 


A domestic gas meter sh0@ing the dials, 
marked in cubte feet, on which the gas con- 
sumed 1s recorded. 


The gas arriving in the meter is 
divided into two streams, and by means 
of the two sliding valves one stream 
enters the space on the outside of one 


Gas inlet Gas inlet 


Bellows 
almost 
full 


~ 


Bellows 
filling 


Section through the meter showing two dif- 


Jerent positions of the valves and bellows. 


As one bellows 1s filled with gas, gas is 
pushed out of the other bellows. 


leather bellows. As a consequence, the 
gas held inside this bellows is steadily 
pushed out. At the same time the 
other gas stream fills up the second 
bellows, and the pressure exerted by 
this bellows drives out the gas filling 
the space outside it. The flexing 
action caused by the leather bellows 
filling and emptying makes the slid- 
ing valves move across to enable the 
other bellows to fill up. This move- 
ment also sets in motion the lever 
system which moves the hands over 
the metering dials. 


Calorific Value 


The amount of heat set free when a 
gaseous fuel-is burned depends upon its 
chemical composition. The gas derived 
from the carbonization of coal is mainly 
hydrogen and carbon monoxide and does 
not have a high calorific value compared 
with natural gas or the hydrocarbon gases 
obtained by cracking petroleum. The cal- 
orific value of these fuels is usually 
quoted in British thermal units (B.t.u.) 
per cubic foot. Coal gas may have a 
calorific value of 550 B.t.u./cu.ft. while 
that for hydrocarbon gases may be as 
high as 850 B.t.u./cu.ft. 

The amount of heat released by burn- 
ing one cubic foot of gas (550 B.t.u. say) 
is not quite sufficient to boil three pints 
of water, so that a larger heat unit called 
the therm has been defined. A therm is 
100,000 B.t.u. Thus, by burning about 
182 cu.ft. of gas of calorific value 550 
B.t.u./cu.ft. one therm of heat has been 
supplied. 


Components of a modern gas meter. 


For the protection of both the Gas 
Board and the consumer, it is essential 
that gas meters work accurately for 
many years. Therefore great care has 
to be taken in selecting the materials 
of which the meter is constructed. 
To withstand the corrosive action 
of various substances present in town 
gas, the bodies of these meters are 
made of heavy gauge steel with a 
thin coating of tin inside. Even 
greater care has to be taken to ensure 
that the leather used for the bellows 
is of the highest quality, and is gas 
tight. 
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DYNAMICS 


RATE OF TURN INDICATOR 


HEN an aircraft is being man- 

ceuvred, one of the items of 
flight information that is required is 
the speed at which it is turning or 
changing its direction of flight. This 
information is especially important 
during ‘blind flying’, so that the direc- 
tion in which the aeroplane is point- 
ing at a given time may be calculated. 
The actual speed or rate of turning is 
usually quite small in such cases. For 
example, an aircraft approaching an 
airport from the North may have to 
fly a few miles to the East of the air- 
port before turning to make a landing 
into a westerly wind. In this case the 
aircraft will turn through an angle of 
go° while flying at, say, 200 miles 
per hour. The time taken for this 
change of direction of flight from 
North-South to East-West might well 
take half a minute. The rate of turning 
would then be go° in half a minute, 
or a turning rate of one complete 
revolution in two minutes. 

Very low turning speeds of this sort 
are usually measured or indicated by 
means of a rate of turn or angular 
velocity gyroscope. 

The way in which the rate of turn 
indicator works may be explained by 
considering what happens when two 
blocks of wood or metal connected by 
a horizontal rod which is attached 
rigidly to a vertical pivot rod are 
rotated. If the pivot rod is twisted 


PIVOT 
ROD 


pai oF 
E BLOCKS 


The two blocks are rigidly joined to the 
pivot rod and the prvot rod rotated at high 
speed. At the instant shown they are travel- 
ling horizontally in space in the direction 
of the red arrows. 
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IN THIS POSITION, 


about the pivot but kept upright, the 
blocks rotate, sweeping out a circle 
in a horizontal plane. If, however, 
the pivot rod is slowly tilted, the 
circle described by the blocks will 
slowly take up a position which 
is determined by the tilting action 
of the pivot rod, as well as its rota- 
tion. 


Exactly what can be 


happens 


Bae el ied 2 pe 


In a gyroscope, a flywheel ts rotated on its 
axle, and the axle is mounted in an inner 
gymbal which is itself pivoted in an outer 
gymbal. When the outer g ymbal is turned in 
the direction shown, the inner gymbal will 
transmit the motion to the flywheel pivots 
and axle. 

worked out mathematically. This is 
done by representing the action of 
tilting the pivot rod by two forces, one 
acting at each end of the rod in op- 
posite directions (such a pair of forces 


When the blocks are in line with the com- 
mon axis, the turning of the pivot rod 
merely tends to make the blocks turn with 
it about the common axis. Al this instant 
there is therefore no tendency for the blocks 
to move vertically and so change the plane 
of their motion. 


acting in opposite directions is called 
a couple). This couple acts in a 
horizontal plane, and the rotation of 
the blocks may be represented by an- 
other couple acting in the horizontal 
plane, but at right angles to the first 
couple. It can be proved that the 


“i fees A ee a ik 


BNA ot oe 
SE ere. ‘ Ay 


When the outer gymbal ts turned, and th 


flywheel rotated, the flywheel precesses, 


v.e. takes up a plane of motion which is 
determined by the combined effect (or re- 
sultant) of the two turning efforts acting 
upon i. 


combined effect of these couples is to 
produce a third couple acting in a 
vertical plane, at right angles to the 
first two. This causes the plane of 
rotation of the blocks to shift so that 
it is no longer horizontal. This effect 
is called precession. 

The way in which this happens can 


DISTANCE ~ 
FROM COMMO. 
AXIS Xe 


ee 


VERTICAL MO 
DUE TO TILTING G 


ae 
~ HORIZONTAL 
MOTION 


we 


When the blocks are out of line with the 
common axis they will tend to move out of 


the horizontal plane because of the tilting 
of the rod. 


be understood by considering what 
happens to the blocks when the hori- 
zontal rod is in different positions as 
shown in the diagrams. When the 
blocks are in ine with the common 
axis (about which the tilting of the rod 
occurs), the effect of the tilt is not to 


move the blocks away from the 
horizontal plane. As the blocks move 


to positions away from the common 
axis the effect of tilting the pivot rod 
is to make them move away from the 
horizontal plane, so that the circle 
described by the blocks is tilted away 
from the horizontal. 

If now the single pair of blocks is 
replaced by a number of pairs of 
similar blocks which all have their 
horizontal rods joined to a common 
vertical pivot rod, the plane of rota- 
tion of the blocks would again change 
if the pivot rod were tilted and the 
blocks rotated simultaneously. 

In the gyroscope a solid flywheel 
replaces the pairs of blocks and is 
mounted with its horizontal axle set 
in an inner gymbal (frame) which is 
pivoted in an outer gymbal. 

When the outer gymbal is tilted the 
inner gymbal transmits the tilting 
motion to the flywheel axle, whose 
plane of motion is thus inclined. When 


PRECESSION 
ABOUT THIS 


5 ( 33 ae 
A rate of turn gyroscope (very much en- 
larged in proportion) in an aircraft. 


the flywheel is rotated, precession of 
the wheel takes place. 

The force which causes the pre- 
cession depends on both the force 
causing horizontal rotation and the 
force causing the turning of the axle. 

The force causing the turning of the 
axle depends on the rate of turn of 
the axle and therefore of the outer 
gymbal, so if the force causing the 
precession were to be counterbalanced, 
then the size of the force needed to 
do this would be in proportion to the 
rate of turn of the axle. This is the 
principle of the rate of turn in- 
dicator. In this, the force required 
to effectively counterbalance the 
precession effect is measured. The 
wheel is held by a pair of springs in 
position. When precession occurs, the 
amount that the springs have to be 
extended to hold the plane in a con- 
stant position indicates the counter- 
balancing force required. This is 
identical in action to that of a spring 
balance where the position of the 
pointer indicates the tension in the 
spring required to hold the weight 
attached to its end in a stable position. 
In the rate-of-turn indicator the 
pointer reading also depends upon 
the spring tension, and this gives a 
direct reading for the rate of turn of 
the aircraft. 

Rate of turn gyroscopes are also 
used in ships for measuring the rate 
of roll (or turning about the hori- 
zontal axis) of the vessel, when they 
form a very important part of the roll 
damping or stabilising equipment. 


BLOCKS ARE AT 
MAXIMUM DISTANCE ~ 
FROM COMMON AXIS > 
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When the horizontal rod is at right angles 
to the common axts the vertical displacement 
of the blocks away from the horizontal 
plane is greater. 


The blocks cannot inbve in two different 
directions at the same time, but tend to 
move in a direction whtch ts the resultant 
of the two separate motions. That is, they 
tend to move in a plane which is inclined 
to the original, horizontal, plane of motion. 


~ 
A large number of pairs of blocks all whirl- 
ing on a common pivot at the same time 
would therefore have a tendency to incline 
their common plane of rotation as the pivot 
rod is turned about the horizontal axis. 
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OME HOUSEHOLD INSECTS 


URNITURE, food, clothing and, 

in fact, almost everything else in 
our homes is subject to attack by 
insects. Even Man himself is plagued 
by fleas, flies and bugs 
these pests are of world-wide occur- 
rence, having been transported with 
Man and his belongings. Their habits 
vary but all have been able to take 
advantage of the homes Man has built 
for himself. 


Fabric Pests 


A characteristic of many household 
insects is that they feed on dry mater- 
ial of both animal and vegetable ori- 
gin. Clothes moths and carpet beetles 
are notable examples. Outside the 
home they are rare except that they 
occur—often in large numbers— in 
bird and rodent nests, especially 
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These pests are omnivorous scaven- 
gers that eat almost anvthing they can 
find. Not all cockroaches are pests, 
but those that are originate mainly 
from warm climates. They are es- 
pecial pests in large kitchens and 
stores where there is continuous 
warmth. The German and Oriental 
cockroaches are perhaps the most 
troublesome, closely followed by the 
American cockroach. They are brown 
leathery insects with long, delicate 
_ feelers (antennae. The mouth has strong 
_ jaws which are used to chew all kinds 
of food—even paper and book-binding. 
Cockroaches are nocturnal creatures 

and hide during the day-time in dark 
corners, heating ducts, or anywhere 
dark and warm. At night they come 
out in search of any scraps of food, 
leaving greasy trails to and from 
their hideouts. They consume large 
quantities of food and contaminate 
what they do not eat with droppings 
and an unpleasant smell. When they 
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those that are protected and dry. 
Such nests, with their dry materials, 
were probably the natural homes of 
these insect pests. When Man began 
to build houses he unwittingly pro- 
vided more nesting sites and favoured 
the increase of what are now household 
pests, for it is an easy step from 
the nest under the eaves to the 
clothes and carpets in the house. 
The Varied Carpet Beetle is known to 
enter houses from nests. Its young 
larvae are often found in large num- 
bers in sparrows’ nests. The older 
larvac—known frequently as “Woolly 
Bears —tend to leave the nests 
(possibly due to overcrowding and 
wander. It is at this stage that 


many of the ‘Woolly Bears’ enter the 
house and there damage carpets and 
other fabrics. The full-grown larvae 
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responsible for spreading disease. In 
warm places they breed very rapidly 
and build up large populations if 
unchecked. 

The eggs are laid in hard, purse- 
like cases which are carried about 
for some time by the female. When 
they hateh, the young resemble their — 
parents in all but size and the lack 
of wings. They shed their skins several 
times during growth and become 
adult without any sudden change, 
such as occurs during the develop- 
ment of flies and butterflies. 

Control of cockroaches centres 
mainly on cleanliness. If floors are 
kept free of scraps and all food is 
well covered, an infestation will not 
be able to spread. Regular use of 
Pyrethrum or D.D.T. dust in heating | 
ducts will help, but large infesta- 
tions must be dealt with by experts 
because cockroaches are resistant to 
many insecticides. 


have access to garbage they may be | 
i 
| 
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pupate in floorboard cracks and simi- 
lar places. When the adults emerge— 
usually in spring—they lay their 


eggs in birds’ nests and other suitable 
situations such as pipe-lagging and 
stored fabrics. ‘he adults are often 
mistaken for small lady-birds but have 
a velvety appearance. Carpet beetles 
are difficult to control by insecti- 
cides, 


it is essential to remove 


and 


all debris, old the like 
from roofs and attics so that there 
will be no breeding places. 

There are of course many tvpes of 
household pest: house moths, spider 
beetles and wood-worm to name only 
a few. All have their particular habits 
and food preferences. As in the cases 
described here, control is— largely 
a matter of cleanliness. If the insects 
are unable to find food and breeding 
places there will be no danger of 
infestation apart from 
invasions from outside which can be 
dealt with by applying insecticides. 


and 


nests 


occasional 


Silver Fish 
These primitive wingless insects are 


often) disturbed in) dark corners” of 


cupboards, bookshelves and the like. 


They are covered in’ tiny. silvery 
scales which rub off very easily if 
the insects are touched. Silver fish 
live on anything starchy or sugary 
spilt flour or sugar, or even the 
glue of book-binding or wall-paper. 
Only rarely do they occur in numbers 
high enough to justify insecticidal 
treatment. 
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The Housefly 

The Common Housefly—Musca 
domestica—is a world-wide pest. Not 
only is it a nuisance as it flies around 
the house; it may, by spreading 
disease, be a real danger to Man’s 
health. The flies breed and feed 
mainly on decaying material—rub- 
bish dumps, manure heaps and the 
like. The adults are also attracted 
to human food such as meat, fish or 
cake. When feeding, the flies leave 
droppings and also exude digestive 
juices and then suck up the dis- 
solved food. In this way germs from 
manure can be spread to food very 
easily. Germs can also be carried 
on the legs and bodies. Diseases 
such as Cholera, Typhoid and Dysen- 
tery can all be spread by houseflies. 
It is essential that food be protected 
from flies to reduce the risk of 
disease. 

The adult fly can be found through- 
out the summer (or at all times in 
warm climates). In warm weather the 
complete life-cycle may take less than 
two weeks, so that many generations 
can occur in one year. Each female 
may lay as many as two thousand eggs, 
but only a small proportion of these 
survive. The small white eggs are 
laid in batches in garbage or manure. 
They hatch within about twenty-four 
hours into white legless maggots 
(larvae) which burrow into the gar- 
bage and feed for a few days on the 
decaying material. The maggot sheds 
its skin twice in this time and when 
full-grown is about half an inch long. 


HOUSEFLY WITH EXTENDED 
MOUTH-PARTS THROUGH WHICH !T 
SUCKS UP LIQUID FOOD 


The full-grown maggot seeks a drier 
place such as the surface layers of 
the rubbish or the surrounding soil. 
Here it becomes short and fat and the 
skin hardens into a_barrel-shaped 
pupal case within which the maggot is 
transformed into the adult fly. The 
pupal stage takes four or five days 
in summer, but the flies that appear 
in spring have probably spent all 
winter as pupae. The adult fly escapes 
from the pupal case by pushing off 
the ‘lid’ at one end. Within a few 
days the females are laying eggs— 
the beginning of the next gener- 
ation. 

Blowflies—the large, buzzing blue- 
bottles and greenbottles—have a simi- 
lar life-history. They breed in meat 
and animal remains and are especial 
pests at slaughter-houses and around 
domestic dustbins as well as at refuse- 
tips. There is some evidence that 
blowflies may be involved in the trans- 
mission of polio as well as the other 
diseases mentioned. 

The control of flies is largely a 
matter of hygiene. The flies that 
venture indoors can be killed with a 
spray, but the most important thing 
is to attack their breeding places. 
Proper disposal of refuse—by burning 
or by storing in closed bins, and by 
covering freshly dumped garbage with 
soil, will prevent much egg-laying. 
It is good practice to use Pyrethrum 
insecticide around household dust- 
bins but large-scale use of insecti- 
cides at refuse dumps is not recom- 
mended because of the danger of 
favouring resistant strains of insect. 


Earwigs frequently invade houses from the 
garden. They do little damage and are 
harmless to man. 


The Crane-fly or Daddy bas spends its 
larval life as a leather-jacket in the gar- 
den, but adults frequently enter houses in 


Although not an insect, the harvestman 1s 
often mistaken for one. Several species 
enter buildings in autumn. 


The Greenbottle-fly (Lucilia) frequents 
slaughter-houses more than homes, but may 
be a nuisance around the dustbin. 
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Clothes moth larvae damage all types of 
fabric. The adult (shown here) is unable 
to feed. 
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THE PARAFFINS | 


[N 1830 Baron Reichenbach isolated 

I’ white waxy substance from wood 
tar and named it paraffin wax. He 
took the name from the latin, parum 
affinis (little affinity) because it 
seemed so unreactive. Later, the name 
was extended to cover a whole family 
of chemically related compounds. 
Butane, the gas used as a fuel in some 
cigarette lighters, is a paraffin. Petrol 
and petroleum jelly are also largely 
paraffins. Another name for this 
family is the alkanes. 

All paraffins are built up of carbon 
and hydrogen atoms only, joined so 
that each carbon atom is bonded to 
four other atoms. As carbon has a 
valency of four and each carbon atom 
has four valency bonds, this means 
that in the paraffins there can be only 
single valency bonds joining the 
atoms. The family is saturated and 
consequently unreactive as _ there 
are no easily broken highly reactive 
double or treble bonds present. 

Methane (CH,), the smallest mem- 
ber of the family, has only one carbon 
atom and four hydrogen atoms ar- 
ranged in a pyramid formation round 
it. Ethane (C,H,) has two carbon 
atoms. Propane (C;H;) has a chain of 


Catalytic cracker for 
breaking large paraf- 
fin molecules into 

smaller ones. 


three carbon atoms. From the way 
these formulae are building up, it is 
obvious that they follow a pattern. 
The number of hydrogen atoms is 
twice the number of carbon atoms 
plus two (C,He,.2) where n is the 
number of carbon atoms. The next 
paraffin, with four carbon atoms, has 
2x 4+2=10 hydrogen atoms. This is 
butane, C,H, . All paraffins follow 
this formula. 

There is only one possible arrange- 
ment of the atoms in C,H,, but as the 
size of the molecule increases, there 
become more and more possible varia- 
tions. As well as having straight 
chains of carbon atoms they could 
also be branched. There are in fact 
hundreds of naturally occurring 
paraffins. 

Some members of the family are 
gases and others are liquids or solids. 
The lighter molecules with four or less 
carbon atoms are gases. Liquids have 
between 5 and 16 carbon atoms. Those 
liquids with small molecules are thin 
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Rare METHANE } 
Laboratory preparation of 
paraffins — 


Most marhouds use a related sahaffin 
compound as a starting material. For ex- 
ample, if ethane (C,H,) is required, the 
starting material is an * ethyl (C,Hs) com- 
pound. For methane (CH,) a methyl 
(CH,) compound is required. 

For methane the appropriate iodide, 
CH,|, can be used and the iodine atom ex- 
changed for one of hydrogen. Ordinary 
hydrogen bubbled through the iodide 
has no effect. The hydrogen must be 
made in the same vessel as the iodide so 
that newly formed hydrogen atoms can 
react with it. This can be done by drip- 
ping alcohol on to pieces of zinc-copper 


and runny, theres those with more 
carbon atoms are thicker and more 
syrupy. Solids have 17 or more carbon 
atoms. For example, beeswax is a 
mixture of C,,H,, and C,,H,. 
Although there are many ways in 
which the paraffins can be prepared 
in the laboratory, on a manufacturing 
scale it is not necessary to use arti- 
ficial methods, for huge deposits are 
found both as natural gas (which is 
pumped straight into the area’s gas 
supply) and crude oil. Crude oil 
straight from the oilfield is of little 
use because it is a mixture of mole- 
cules of all sizes. It is the job of 
the oil refinery to sort these mole- 
cules into batches according to size. 
The first stage in the refining process 
is to heat the crude oil to 400°C. to 
vaporize it. The vapour passes into 
the bottom of a tall distillation column 
where the first part of the separation 
process takes place. The top of the 
column is much cooler than the 
bottom with a progressive tempera- 
ture drop all the way up. Different 
paraffins condense at different tem- 
peratures. The paraffins with larger 
molecules condense at the higher 
temperatures at the bottom of the 
tower and those with smaller mole- 
cules condense further up. This 
separates the crude oil roughly into 
asphalt for road surfacing, heavy oil, 
diesel oil, paraffin oil, petrol and 
butane gas which does not condense in 
the tower, but is compressed and 
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st Alternatively, the starting point can 
be the sodium salt of the appropriate 

acid. For methane, this will be sodium 
_ acetate, CH,COONa. The methane is re- 

leased by heating the salt with sons lime, 
a form of caustic soda 


CH,COONa } NaOH = CH, + Na,CO, 
sodium soda__—s methane sodium 
acetate lime — ; carbonate 
Starting with the iodide, paraffins with 


twice the number of carbon atoms can 
be built up using the Wurtz reaction. 
The iodide is treated with metallic 
sodium, when sodium iodide and the 
_ new!y-formed paraffin are formed. For 
example, ethane is prepared, using the 
Wurtz reaction, from methy! iodide. 


2CH,1 + 2Na = C,H, | 2Nal 
methyl sodium ethane “sodium 
iodide iodide 


bottled as ‘Calor’ gas. These fractions 
need further treatment before they 
can be actually used. Too much heavy 
gas oil is produced and not enough 
motor fuel for the world’s needs. The 
large molecules of heavy oil are 
broken into fragments in a catalytic 
cracker. The heavy oil is heated with a 
catalyst which speeds up the frag- 
mentation. 


Chemical properties of the 
paraffins 
As they are made up of carbon and 
hydrogen only, and both of these ele- 
ments burn readily, it is not surprising 
that the paraffins also burn easily. 
Methane gas which bubbles out of 
bogs and swamps easily catches fire. 
Its small blue flames dancing over 
swampland have given rise to many 
tales of marsh phantoms. 
CH, + 20, = CO, 


methane oxygen carbon 
dioxide 


+2H,O 
water 


In an adequate supply of oxygen all 
paraffins burn to form carbon dioxide 
and water. The heat given out by this 
makes them useful as fuels. Burning 
in less oxygen is used to deposit carbon 
for printers’ inks. Here, there is not 
sufficient oxygen to oxidize the carbon 
to carbon dioxide. 


CH, + OQ, = C 
methane oxygen carbon 


+2H,O 

water 
Paraftins with small molecules react 
with concentrated sulphuric and 
nitric acids only under extreme condi- 


tions of temperature and _ pressure. 
For larger molecules such drastic 
treatment is not necessary as they re- 
act in the cold. The first step in the 
making of a detergent is the sulphona- 
tion of paraffins with concentrated 
sulphuric acid, 
CuHon+2 + H,SO, = CrHen.,SO;H + H,O 


paraffin = sulphuric sulphonated. water 
molecule acid paraffin 
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paraffin oil 
(kerosene) 


lubricating 
oils and 
greases 


C,H,,,., denotes an alkyl group. This 
is a paraffin molecule minus one 
hydrogen atom. Small paraffin mole- 
cules are not affected by heat, but 
larger molecules can be shattered into 
fragments by it. A catalyst helps this 
cracking of large molecules. 

When a double bond is broken, the 
spare bond joins with an atom of 
something else. This type of reaction is 
called addition. But as the paraffins 
have no double bonds, addition re- 
actions are out of the question. Sub- 
stitution is the only possible way in 
which the paraffins can react. Here 
an atom of another element takes the 
place of a hydrogen atom. The famous 
example of substitution takes place 
when gaseous members of the paraffin 
family react with the gas chlorine. This 
should not be done in strong sun- 
light as the reaction is explosive. 
Light provides the energy to start the 
reaction going. With strong sunlight 


the reaction is violent, as all the 
hydrogen atoms are substituted by 
chlorine atoms at one and the same 
time and it is impossible to stop the 
reaction before complete substitution 
has taken place. With ultra-violet 
light the reaction can be controlled. 
Substitution takes place one atom at 
a time and the reaction can be stopped 
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by switching off the light when the 
required compound has been formed. 
For example, chlorine is being substi- 
tuted for hydrogen in the gas methane 
(CH,); the reaction can be stopped 
when one, two, three or all four 
hydrogen atoms have been replaced. 
This can be used to manufacture 
chloroform (CHCl;) and the grease- 


spot remover, carbon tetrachloride 


(CCI,). 

Cl, + energy = 2Cl 
chlorine from reactive 
molecule light chlorine 

atoms 

CH, + ° 2Cle.= CH,Cl.+ HCl 
methane chlorine methyl hydrogen 
atoms chloride chloride 

CH,CIl + 2Cl = CH,Cil, + HCl 
methyl chlorine methylene hydrogen 
chloride atoms chloride chloride 

CH.Cly.-- . 26h - = (CHE ++ ~~ HC} 
methylene chlorine chloro- hydrogen 
chloride = atoms form chloride 

CHCI, + 2Ci = CCh + HCl 
chloro- chlorine carbon hydrogen 
form atoms tetra- chloride 

chloride 
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ODIES of air are continually mov- 

ing over land and sea. As they 
wander they alter, perhaps gaining 
more moisture as they pass over the 
sea, becoming warmer or colder, per- 
haps stable, or violently unstable and 
thundery. The characteristics of an 
air mass determine, to a large ex- 
tent, the kind of weather which 
accompanies them. 

Winds are movements of air masses. 
They arise mainly because the Earth 
is unevenly heated. The surface of 
the Earth at the Equator becomes hot, 
and warms the air immediately above 
it. Air expands, becomes relatively 
lighter and rises, leaving an area of 
low pressure behind. At the Poles air 
is cold and dense. It sinks, creating an 
area of high pressure. Differences in 
pressure lead to winds, as air masses 
move away from the high-pressure 
region to the low-pressure region. 


If this were the only factor affect- 
ing the movement of air masses, then 
they would invariably travel in a 
North South direction. But the Earth 
is rotating, air over the Equator 
moving faster through space than air 
at the Poles. This has the effect of 
deflecting the wind system. Seasonal 
changes swing the entire svstem North 
and South. 

The pattern is further complicated 
by the diverse nature of the Earth’s 
surface. Land and sea areas warm 
up and cool down at different rates. 
This changes the pressure of the air 
above them, and the difference in 
pressure may change the direction in 
which the mass of air is moving. 

An air mays is a region of air all 
of roughly the same type. Although 
the temperature and pressure and 
moisture content of air change verti- 
cally, across the length and breadth 


An air mass wanders over colder land, 1s cooled from below, and a temperature in- 


version results. 
THE LAPSE RATE 
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If the air mass wanders over warmer land the lapse rate iy steepened. 


of the air mass there is very little 
change. An air mass becomes an air 
mass of a particular type in a source 
region, which is simplv an area of the 
Earth's surface. 

Air masses are of two main types— 
maritime and continental. Maritime air 
masses are formed over the sea and 
continental air masses over large 
expanses of land. In. addition, source 
regions are classified by latitude— 
whether the source is in a warm 
region near the Equator or a cold 
region near the Poles. 

‘The difference between maritime 
and continental air masses depends on 
the fact that land and sea warm up 
and cool down at different rates. Land 
warms more quickly than sea, and so 
warms the air above it more quickly. 
In low latitudes (‘near the Equator) 
in winter strong solar heating will 
cause continental air masses to be 
warmer than corresponding maritime 
air masses. Conversely, a continental 
air mass developing in high latitudes 
in winter has lower temperatures 
than a maritime air mass formed at 
a similar latitude, because the land 
cools more quickly than the sea. 

The general movement of air may 
cause maritime air masses to move 
over land and continental air masses 


IN GENERAL, THE WARMER 
AIR MASSES ARE LARGER 
IN SUMMER_THAN 
IN WINTER. 
ARROWS SHOW 
WIND DIRECTIONS 


Air masses affecting the 
Northern Hemisphere in 
winter (left, and in 
summer right. 


to move over the sea. As a result 
of this, the air mass may be altered 
to a large extent and change to be- 
come a mass of a different tvpe, and 
it is usual to refer to its source region 
as the region it has just left. 


The Lapse Rate 

One of the main changes which 
occurs when one air mass wanders and 
rests over a different kind of region, is 
a change in the rate at which the tem- 
perature drops with height. This is 
called the lapse rate. In the tropo- 
sphere, the part of the atmosphere 
near the Earth’s surface which has by 
far the greatest influence on the 
weather, the temperature normally 
drops away from the surface. 

The temperature of the air near the 
ground is higher than the temperature 
of the laver of air above it. The 
lower air expands and rises in con- 
vection currents. If the air mass lies 
over a moist surface, moisture will be 
evaporated and carried upwards with 
the convection currents to form clouds. 

If the air mass lies over a cold sur- 
face, the lapse rate is a gentle one. Be- 
cause the lower layers of air are not 
warmed from below, the temperature 
hardly drops with height, and so there 


is very little vertical movement of air. 


Under certain conditions the tem- 
perature may actually rise with height. 
This occurs when an air mass with a 
normal lapse rate moves over a colder 
surface. The air in contact with 
the ground is cooled so that it is 
colder than the laver of air above it. 
Hence the temperature actually rises 
with height for a while before fall- 
ing off as normal. Such a tempera- 


ture inversion produces very stable 
conditions with little vertical move- 
ment of air (since air will not rise 


Northern America is invaded by strongly 
contrasted air masses. Cold, dry air masses 
from Arctic regions, with a temperature 
inversion at a few thousand feet, are 
prominent in winter. As they spread South, 


they cause cold spells, and North winds. 
They are, however, quickly warmed, 
especially in summer. 

Maritime air from the North Pacific is rela- 
tively warm in winter. But upper layers are 
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above air warmer than itself). 


Wandering Air Masses 

In general, two things can happen 
to a wandering air mass. Having 
gained its characteristics and its lapse 
rate from its source region, it then 
wanders to a region which may be 
either colder or warmer. When it 
blows to a colder region, the air 
mass is cooled at the bottom, and 
an inversion follows. Low stratiform 
clouds form, with the chance of 
drizzle. Moisture trapped near the 
ground may condense into mists, 
fog, or, in industrial areas, smog. 

However, if the wandering air mass 
moves over a warmer region, it will 
be warmed from below. The lapse 
rate is steepened, as the temperature 
now drops off more quickly with 
height. Warmed air rises in strong 
convection currents, and carries with 
it water vapour which has been eva- 
porated from the Earth’s surface. The 
steeper the lapse rate, the more violent 
are the convection currents. With a 
normal lapse rate convection currents 
lead to the formation of cumuliform 
clouds. On a small scale these take the 
form of the fleecy puffs of cotton-wool 
which often hang in the sky on a hot 
summer’s day. But at the other end 
of the scale is the black towering 
cumulonimbus, the thundercloud. This 
results when very strong convection 
currents created by a very steep 
lapse rate carry enormous quantities 
of very moist air to high levels. 


cold, and the lapse rate is therefore steep. 
The air mass brings showers and snow, with 
heavy rain on western mountains. 

Polar Atlantic air is cooled by the cold 
Labrador current, and brings summer fog. 
When it passes over the warm Gulf Stream, 
it gives heavy rain over hot land. 

Tropical maritime air from the Atlantic 
and Gulf of Mexico acquires a steep lapse 
rate. It is unstable, bringing heavy rain. 
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CONDUCTORS AND INSULATORS 


CAR battery can be quickly 

ruined by connecting a piece of 
thick copper wire across the terminals. 
The copper wire is a very good elec- 
trical conductor—it has a very low 
electrical resistance. The car battery 
has practically no resistance of its 
own. Since the current meets no 
resistance, it becomes very large in- 
deed, and the ensuing large flow may 
permanently ruin the battery. 

No current flows through the same 
battery if the copper is replaced by 
a strip of polythene (a kind of 
plastic). Polythene is an electrical 
insulator, and the current able to 
pass through it is too small to be 
noticed. There will always be a cer- 
tain amount of current flow,. but the 
conductivity (a measure of the ease 
with which a substance conducts 
electricity) of polythene is about 
100,000,000, 000, 000,000, 000, 000 
(1078) times smaller than the conduc- 
tivity of copper. This means that the 
current is 10?* times smaller in a piece 
of polythene than it is in a piece of 
copper of the same shape and size. 
So it is hardly surprising that the 
current is unnoticeable. 

All substances conduct electricity 


Electrons around an atom are grouped in shells. The shell, besides 
determining the likely distance of the electrons from the nucleus, 
also determines the energy level of the electrons in it. The energies 
of the electrons in a shell may be represented on an energy diagram, 
with each energy level represented by a line. The distance between 
neighbouring lines then represents a difference in energy between 


the electrons and neighbouring shells. 


In an atom with electron energies precisely defined the lines 


to some extent, but substances like 
copper and polythene represent the 
extremes of conductivity. In fact 
electrical conductivity is distinguished 
by having the largest range of 
values of any property of any sub- 
stance. 

Good electrical conductors are used 
for passing electric current, and good 
electrical insulators for stopping it. 
But of the whole range of substances 
known some may have conductivities 
of intermediate values. An important 
range are the semi-conductors which 
have conductivities 50,000 times smal- 
ler than copper. These include silicon 
and germanium, two substances used, 
because of their semi-conductive pro- 
perties, in transistors. ‘ 

What causes the difference in con- 
ductivities between copper and poly- 
thene, both of which are solid sub- 
stances? The answer depends on the 
structure of the atom itself, and the 
arrangement of atoms within the solid. 

An electric current is a flow of 
electrons, usually motivated by a 
difference in electric pressure. This 
may be supplied by a battery. For a 
substance to conduct electricity, clec- 
trons must be able to detach them- 


are thin and precisely defined. 
grouped closely together, and one atom affects the others. So 
instead of being precisely defined, the line spreads out into a band. 
The space between the bands is a kind of no-man’s-land, and it is 
impossible for electrons to exist in it. However, if they are given 
a certain amount of energy, they may be able to jump across from 


selves from their parent atoms and 
take part in the gradual drift of 
electrons (which constitutes the elec- 
tric current) through the solid. 

In solid substances the atoms or 
molecules are usually arranged in an 
ordered crystal lattice. Forces acting 
between the atoms bind them to- 
gether. Some of the electrons will 
be tied down in holding together the 
crystal lattice. In a conducting solid 
some of the electrons are free. The 
free electrons form a sort of cloud 
around the atoms in the lattice, 
able to drift through them, and carry 
an electric current. The electrons 
in insulating solids, however, are all 
tightly bound and unable to wander 
through the solid. 

Whether the solid is a conductor or 
not may depend on the lattice arrange- 
ment. Carbon is a good example of the 
way the atomic structure of a solid can 
affect its conductivity. As graphite 
(the constituent of ‘lead’ pencils) 
carbon atoms form a loose association 
with other carbon atoms. Only 3 of 
the 4 valency electrons in the outer 
shell are tightly shared with other 
atoms. The other electron is relatively 
free to wander through the crystal, 


In solids, however, atoms are 


one band to another. The inner electrons are tightly bound and 


take no part in the current flow. 
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In a conductor the outer band 
may be only half full. Since 
it is very little influenced 
by the rest of the atom, elec- 
trons can easily come and go in 
this band. 


All electrons are in full bands 
and unable to take part in con- 
duction. An outer possible 
conduction band does exist, 
but there are no electrons in 
it, and the jump into this band 
is too large for electrons to 
reach there. 


In semi-conductors the dis- 
tance between the full band 
and theempty conduction band 
is very small indeed. Heating 
can give electrons sufficient 
energy to bridge the gap. 
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Conductivities. depend on the arrangement 
of atoms within the crystal. Carbon is an 
insulator when it forms a tightly-bound 
diamond crystal. But as graphite it is a 
semi-conductor. 
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The conductivity of a substance also de- 
pends on its purity. Adding arsenic to 
pure germanium increases its conductivity 
enormously. 


and carbon in this crystalline state is 
a semi-conductor, with a conductivity 
similar to that of germanium and sili- 
con. However, in diamond (which is 
also carbon) there is a very rigid, 
tightly bonded structure. All the 
outer electrons are shared with the 
electrons of other atoms and so cannot 
take part in a current flow. Diamond 
is thus a very good insulator. 


Effect of Impurities 


Adding impurities to any substance 
affects its conductivity because the 
presence of any ‘foreign’ atoms affects 
the crystal structure, perhaps tying 
down otherwise free electrons. Cop- 
per and nickel as pure metals are 
good conductors. By alloying them 
together in constantan (60°, Cu, 40% 
Ni) their ability to conduct electrons 
is reduced by about 10 times. 

Impurities do not reduce the con- 


ductivities of all substances. In most 
insulators the atoms are already very 
tightly bound, and in most instances 
any foreign atoms disrupt the struc- 
ture and free electrons for conduction. 
Again, the most important com- 
mercial effect of this is in the semi- 
conductors germanium and silicon. 
Both of these are quadrivalent (i.e. they 
have 4 outer electrons which are 
bound together so that none is free 
to move). By adding pentavalent or tri- 
valent atoms as impurities, 5 or 3 
electrons will be put into a space 
where there were 4 before.The excess 
or lack of an electron increases the 
conductivity enormously, since it is a 
free, electric charge-carrying particle. 


Temperature Variation 


All conductivities vary with tem- 
perature, but while the conductivity 
of metals decreases with a rise in 
temperature, the conductivity of in- 


The porcelain in- 
-@ sulator in this im- 
"H} pulse generator 
| traps the electric 
icharge in the 
+ conductor at the 
top. At very high 
voltages the in- 
sulating action of 
the air is broken 
down, and a flash 
of lightning re- 
sults. This ap- 
paratus is used in} 
testing the in- 
sulating proper- 
ties of high-volt- 
age electrical 
equipment. 


sulators and semi-conductors increases 
as the temperature increases. 

In metals the electric current is 
ideally an orderly flow of electrons 
through the metal. Heating excites 
the atoms, tending to disorganise the 
flow, which generally makes it more 
difficult to push an electric current 
through. As the metal is cooled to 
very low temperature, it may become 
more and more conductive until near 
Absolute Zero (—273° C.) the metal 
becomes super-conductive. At these very 
low temperatures, the atoms vibrate 
hardly at all, and electrons are able 
to flow in a perfectly orderly manner. 

In insulators and semi-conductors 
heating may provide enough energy 
to free otherwise bound electrons. 
Semi-conductors, particularly, are 


very sensitive to heating. If they are 
overheated, by allowing too much 
current to flow through, the current 
increases very rapidly and may burn 
out the semi-conductor. 
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GLANDS THAT PRODUCE HORMONES 


ANY cells in the body are able to 

produce and release fluid. When 
this is the main activity of a cell it 
is called a gland cell. A gland is made 
up of a number of these gland cells, 
which may be held together by con- 
necting cells (connective tissue). It 
is usually provided with blood vessels 
and nerves. 

There are two main types of glands: 
those without ducts, the ductless or 
endocrine glands, and those with ducts 
called exocrine glands. Endocrine 
glands release the fluid they produce 
either directly into the blood-stream, 
which carries it to the site of action, 
or it may be stored and released into 
the blood-stream at a later date. 
Exocrine glands release their fluid 
into a duct which carries it to the 
site of action or out of the body. 
Their action is usually fairly local, 
that is, close to the gland and in one 
place. In contrast, the fluids released 
by endocrine glands usually act on a 
distant part or they may affect the 
whole body. 

Exocrine glands include the sweat 
glands, salivary glands and the glands 
of the intestine that produce the diges- 
tive enzymes. Examples of endocrine 
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glands are the purtuztary, adrenals, 
thyroid, parathyroids and the ovaries 
and testes. The liver and the pancreas 
are exocrine as well as endocrine 
glands. The pancreas, for example, 
produces pancreatic juice, which is 
released through the pancreatic duct 
to the intestine, and insulin which is 
released into the blood. (There will 
be an article on each of the endocrine 
glands.) 

The secretion produced by an en- 
docrine gland is called a hormone. It 
is a chemical-signalling substance 
carried round the body by the blood- 
stream. Hormones act as chemical 
messengers, stimulating some distant 
part to action. The advantage of these 
chemical signals is that they quickly 
reach all parts of the body, whereas 
the signals in nerve fibres reach only 
certain parts. They work somewhat 
like the unpleasant smells released 
into the air system of a coal-mine 
as a warning of danger. This is much 
quicker than telephoning each part 
of the mine in turn. 

In any signalling system a signal 
should produce a particular response, 
and, under normal circumstances, a 
hormone acts on a part of the body in 
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the same way each time. Adrenalin, a 
hormone produced by the adrenal 
gland, causes increased heartbeat 
when a person is frightened and thus 
prepares him for action. Insulin, pro- 
duced by the pancreas, has an effect 
on the amount of glucose in the blood. 
If the quantity of this sugar in the 
blood rises, the production of insulin 
by the pancreas is stepped up to 
bring the sugar level down to its 
normal level. 

Some hormones work in _ pairs, 
however, and the effect of either one 
then depends on its relative con- 
centration in the blood. 

Endocrinology—the study of en- 
docrine glands, their hormones and 
the effects that these have—is essenti- 
ally an experimental science. Most of 
our basic knowledge has_ been 
acquired by animal experiments. For 
example, Sir Frederick Banting and 
Dr. Charles Best discovered insulin in 
1922 during a series of experiments on 
dogs. As a result we are able to treat 
insulin deficiency, which leads to the 
disease diabetes mellitus, by periodi- 
cally injecting a special form of 
insulin. Indeed many _ diabetes 
sufferers are kept alive by their 


Endocrinology 1s essentially an experi- 
mental science. The animals needed for 
research are comfortably housed in ‘animal 
houses’ such as these. 
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self-administered injections of in- 
sulin. Other experiments have pro- 
duced results of similar significance. 
Not only does man benefit by them, 
but in some cases so do his animals. 
Rats, mice, rabbits, monkeys and 
dogs are particularly suitable for 
experimental purposes since they are 
easy to care for and, being mammals, 
have a physiology similar to our own, 
Strict inspection ensures that experi- 
ments are properly carried out. 
Some hormones ‘e.g. thyroxin pro- 
duced by the thyroid gland’ are 
thought to alter the actions of enzymes 


in the cell, whilst others e.g. in- 
sulin) are thought to affect the 
membrane cell wall) surrounding a 


cell so that the rates at which sub- 
stances pass in and out of the cell 
are changed. Some hormones, for 
example those produced by the thy- 
roid, appear to have an effect) on 
many different kinds of cells, but 
others are more specific in their action 

that is, they affect certain organs 
only. 


It is not) really known how 
hormones act, however. Why one 
hormone should act on one organ 


only and another on practically all 
cells in the body remains to be ex- 
plained. There is obviously a great 
deal still to be learned about the 
chemistry of living cells. 

However, the actions of hormones 
may be placed into three main groups. 
Firstly. because they are distributed 
in the blood-stream to all parts’ of the 
body, the body can act as one unit in 
response to a change in the surround- 
ing conditions or in an internal part. 
In this respect the action of adrenalin 
has been mentioned. This 
their action co-ordination Is 
closely linked with the co-ordinating 
acuvities of | the 
Secondly, they control conditions 
within the animal, ensuring that a 
‘steady state is: maintained. For ex- 
ample, a hormone released by the 
pituitary acts on the kidney tubules, 
causing them to allow larger amounts 
of salt to remain in the urine whilst 
re-absorbing more Thirdly, 
hormones play an essential part. in 
controlling growth and development. 

Once an organ is suspected of hav- 
ing an endocrine function, long and 


nervous system. 


Water: 


facet off 


: GLAND ; 
(Left) Exocrine glands have ducts into 


which their fluid is released. (Right) Endo- 
crine glands have no ducts; their hormones 
are released into the bloodstream. 


varied experiments are required to 
demonstrate fully that it is an en- 
docrine gland. Several techniques 
should be used. These include removal 
of a gland; this should produce cer- 
tain deficiency symptoms. The effects 
of the removal on other parts such 
as structural changes, defects in the 
workings of an organ and so on --are 
noted. Having removed an organ, 
extracts are prepared from it and in- 
jected into the animal. This should 
mean that none of the symptoms noted 
by merely removing the organ develop. 
For example, removal of the thyroid 
slows down growth in young animals. 
In adults, the working of the body as 
a whole is slowed down, producing 
a sluggish individual with marked 
changes in appearance. The gonads, 
pituitary, adrenal and other organs 
are also affected. Injecting thyroid 
extracts prevents these effects from 
taking place. 

The effects of giving an overdose 
of extract to an intact animal may 
also be observed, and if the suspected 
action of the gland is added to, 
this is additional evidence. Having 
obtained an extract, attempts should 
be made to from it a sub- 
stance that will) produce the same 
effects as the whole extract in an 
animal from which the organ has been 
removed. If possible the substance 
should) be identified chemically, in 
which case it possible to 
and study its) actions 
more precisely. Also it should be ob- 
tained from the gland or the blood- 
stream in concentrations sufficient 
to produce an effect in the normal 
living animal. Phe concentrations of 
the suspected substance in the artery 
carrving blood to the organ, and in the 
vein carrying blood away, may be 
measured and compared. If the con- 
centration in the vein is highest, this 
is good evidence that the organ is 


isolate 


may be 
svnthesise it 


producing the substance. Removal of 
part of an organ may result in a drop 
in the breakdown products from the 
‘hormone in the urine: this can be 
measured. A similar drop may be 
produced by disease. 

Analysis of experimental results 
must be performed with care. For 
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A diagram showing the positions of the 
main endocrine glands. 


example, large overdoses of a hormone 
may produce an effect opposite to 
that of the hormone in low or normal 
concentrations, and the removal of 
one organ may be compensated for by 
the increased activity of another. In 
some two organs are so. in- 
connected c.g. in the frog 
the adrenal tissue is dispersed through- 
out the kidney. that it is not possible 
to remove the one and then to make 
up for its removal by injecting ex- 
tracts. Lastly it must be remembered 
that just because a hormone is active 
in one animal it does not follow that 
the same hormone has an effect in the 
human. 


Cases 
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| NUCLEAR PHYSICS 


HE element uranium is the heavi- 

est atom found in Nature, and is 
the only element with all its natural 
isotopes radioactive. 

Since an isotope differs from other 
isotopes of the same element in having 
a different atomic weight, it may be 
defined by the name of the element to 
which it belongs and the atomic 
weight of the isotope. Thus uranium- 
238, which is the most common 
uranium isotope, has 92 protons (the 
atomic number of uranium is 92) and 
146 neutrons in each atomic nucleus 
and therefore has an atomic weight of 
238. Uranium-235, the next most 
common uranium isotope, has 3 
neutrons less in each atomic nucleus. 

These are the two most common 
uranium isotopes. They are both un- 
stable and therefore decay radio- 
actively into other elements by emitting 
charged particles from the nuclei of 
their atoms. Instead of decaying into 
stable atoms, they decay into atoms 
which are themselves radioactive. 
These then decay into a different 
atom and the process is repeated until 
a stable atom is reached. A system 
where atoms decay through a series of 
elements in this way is called a radto- 
active series. 

There are three entirely separate 
radioactive series found in Nature, 
the longest of which begins with the 
decay of uranium-238, and is known 
as the naturally radvoactive uranium-238 
sertes. 

The second naturally occurring 
radioactive series originates with the 
second most commonly occurring iso- 
tope of uranium, uranium-235, and 
this is called the wranium-235 serves. 
The third series is the naturally 
radioactive thorium-232 series. 

These series arise because of the 
loss of either a beta-particle or an 
alpha-particle from an atom, a pro- 
cess which changes the charge on the 
nucleus of the decaying atom. When a 
beta-particle is lost, it means that 
the charge on the nucleus (and there- 
fore the atomic number of the atom) 
is increased by one. When an alpha- 
particle is emitted the atomic number 
of the atom is reduced by two and its 
atomic weight by four. 

The newly created atom then emits 
a particle to become an atom of a 
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Uranium 


p-PARTICLE 


different element which then. itself 
decays into yet another different 
atom. 


Most often, all atoms of a particu- 
lar radioactive isotope of an element 
emit either all alpha-particles and 
no beta-particles, or all beta-parti- 
cles and no alpha-particles. Some 
members of the radioactive series 
have, however, some atoms which 
emit alpha-particles and some which 
emit beta-particles. No single atom 
emits both alpha- and beta-particles. ) 
In these cases, a ‘branch’ occurs in the 
radioactive series, with some of the 
decaying atoms converted into another 
element. For example, in the uranium- 
235 series, actinium-227 decays either 
into francium-223 by loss of an alpha- 
particle, or into thorium-227 by loss 
of a beta-particle. Both of these then 
decay, the francium by loss of a beta- 
particle, and the thorium by loss of 
an alpha-particle, into radium-223. 
The radium-223 produced by either 
‘route’ is identical, and the ‘branch’ 
in the series is thus closed. The 
radium then decays to produce the 
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and the 


next member in the series, 
219. 

The complete details of the three 
naturally occurring series are as in 
the diagrams, with the branchings 
which occur in the series shown. 

It will be noticed that all of the 
natural series terminate with isotopes 
of lead, i.e. lead-206, lead-207 and 
lead-208. It happens that all of these 
are stable isotopes of the elements 
and no further radioactive emission 
therefore takes place. 

It is important to realise that all 
the atoms of a radioactive isotope 
do not decay immediately. More will 
be said of this in a future article, 
but it is clear that if it takes a very 
long time for most of the atoms of 
uranium-238 to decay to atoms of 
thorium-234, and if it takes a further 
length of time for most of the newly- 
formed atoms of thorium-234 to decay 
to atoms of protactinium-234, and so 
on down the series, it will take an 
even greater time before any measur- 
able quantity of lead-206 atoms is 
produced. There are, in fact, con- 
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siderable quantities of uranium still 
left, and uranium has been decaying 
away since the beginning of time. 

From the uranium-238 radioactive 
series it can be seen that if a quan- 
tity of pure uranium-238, or any 
other radioactive isotope which ap- 
pears in the series, were left long 
enough, it would all change eventually 
into a similar quantity of lead-206 
simply by radioactive decay through 
this series. The times involved in 
these processes are immensely long, 
and it would take well over one thou- 
sand million years for even half of 
the uranium-238 to decay into lead- 
206! 

After the discovery of the three 
radioactive series of naturally found 
isotopes, many physicists searched in 
the hope of finding more series. In 
1940 new elements were artificially 
made which had atomic numbers 
greater than 92, the atomic number 
of uranium. These were called trans- 
uranic elements. The transuranic ele- 
ments neptunium (atomic number 93) 
and plutonium (atomic number 94) 
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were the first to be produced and iso- 
lated. In 1945 others were discovered, 
including americjum (atomic number 
95). These three elements are radio- 
active in any of their isotopic forms, 
and since they are produced artifici- 
ally, they are said to be artificially 
radvoactive. 

Later it was realised that a fourth 
radioactive series does exist-—the nep- 
tunium radioactive series--but it cannot 
be called a naturally radioactive 
series since it contains some trans- 
uranic elements. 

The neptunium radioactive series 
(so called because the neptunium-237 
is the most stable radioactive isotope 
in the series) is illustrated in the 
diagram. As with the naturally radio- 
active series, alpha particle and beta 
particle emission causes the decay 
of the radioactive isotopes. Branch- 
ing again occurs with a_ bismuth 
isotope, in this case where some atoms 
of bismuth-213 decay by alpha-par- 
ticle emission to thallium-209 atoms, 
while the others decay by beta particle 
emission to atoms of polonium-213. 


Thallium-209, by beta particle emis- 
sion, and polonium-213 by alpha par- 
ticle emission, both decay to identi- 
cal atoms of lead-209, which decays to 
bismuth-209, a stable isotope, which 
forms the end of the neptunium 
radioactive series. 

As with the naturally radioactive 
series, a quantity of any isotope in 
the series will eventually decay to 
become a similar quantity of the 
stable isotope—in this case bismuth- 
209. 

Most of the natural radioactive 
isotopes take their places in a radio- 
active series. Only seven of the 
naturally found radioactive isotopes 
do not appear in one of the three 
naturally radioactive series. Forty- 
six isotopes do appear in these three 
series — all of which are isotopes of the 


Most of the naturally found isotopes 
have stable nuclei which do not decay. 
Of the naturally found isotopes which 
are radioactive, the vast majority are 
isotopes of the heavy elements which 
have atomic numbers greater than 80. 
The radioactive series consist of the 
isotopes of these heavy elements. 


There are two ways in which different 
isotopes in the radioactive series can 
decay: these are by alpha particle or by 
beta particle emission. 

The alpha particle is the same as the 
nucleus of the helium atom. It carries 
two protons and two neutrons from the 
nucleus of the decaying atom, which thus 
reduces its atomic number by two and 
its atomic weight by four. 

The beta particle is an electron 
emitted by the decaying atom One 
neutron in the decaying nucleus is 
changed to a proton when a beta particle 
is lost, which thus increases the atom's 
atomic number by one. Since the elec- 
tron is very light, the atomic weight 
remains unchanged. 


elements with atomic numbers be- 
tween 81 and 92, the so-called heavy 
elements. 

Most of the artificial radioactive 
isotopes do not belong to a radio- 
active series. For example, there 
are over 700 artificial radioactive 
isotopes with atomic numbers _ less 
than 80 which can be produced by 
Man, and not one of these belongs to 
a radioactive series. 
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HEN a vehicle is driven round a 

corner, because the wheel on the 
inside travels a shorter distance than 
the one on the outside, the outer 
wheel has to rotate at a greater speed 
than the inner one. In spite of this, 
the torque (turning effort) delivered 
to each wheel has to be equal, and the 
differential, which is incorporated in 
the driving axle of the vehicle, makes 
this possible. 

The road wheels are each driven by 
half-shafts from the half-shaft pinions. 
These are mounted at the ends of the 
half-shafts and are meshed with 
the differential pinions which are free 
to rotate on the differential pin. All 
four pinions are assembled in the 
differential housing in which the ends 
of the differential pin are located. 

The crown wheel, which transmits 
the driving force of the engine, is 
bolted to the differential housing. 
Since the crown wheel and pinion are 
in mesh, the differential housing, 
the differential pin, all the pinions 
and the two half-shafts will rotate as 
one unit. When the propeller shaft 
rotates, the two half-shafts are thus 
locked to and must rotate with the 
housing, to give the effect of a solid 
axle. This, however, will only happen 
when the vehicle is moving in a 
straight line. 


When the vehicle is cornering, the 
road wheels no longer rotate at equal 
speeds, and the inner wheel slows 
down whilst the outer wheel speeds 
up. The differential pinions will now 
rotate on their pin with the pinions 
rolling round the two _half-shaft 
pinions and at the same time main- 
taining the drive (there can be no 
slip between pinions in mesh). 

Supposing the vehicle to be moving 
straight ahead with the crown wheel 
rotating at 500r.p.m. If, when the 
vehicle takes a bend, the speed of 
the inner wheel drops to 450 r.p.m., 
the speed of the outer wheel will 
increase to 550 r.p.m. Simply, then, 
when cornering, any speed lost by the 
inner wheel will be gained by the 
outer road wheel, and the crown 
wheel will rotate at the average speed 
of the two road wheels. When this 
happens, the half-shaft pinions no 
longer rotate at the same speed as the 
differential housing. 

The torques transmitted to each 
half-shaft pinion by the differential 
pinion remain equal because the 
rotating differential pin remains at 
the same distance from each half-shaft 
pinion and presents an_ identical 
driving force to each. 

This may be better understood by 
thinking of the differential pinion 


The road wheels are attached to half-shafts which are driven by the half-shaft pinions. 
The half-shaft pinions are in mesh with the differential pinions which rotate on the 
differential pin. 
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When the vehicle is cornering, the half- 
shaft pinions rotate at unequal speeds, but 
the crown wheel and differential . housing 
rotate at the average speed of the half-shaft 
pinions. 
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The torque transmitted to each half-shaft 
as equal. This is because the same driving 


force is transmitted by the rotary differ- 


ential pin which is equidistant from each 


half-shaft pinion. 


as a beam with those of its teeth in 
mesh with the half-shaft pinions 
situated at the end of the beam. Then, 
the driving force transmitted by the 
rotating differential pinion at the 
centre of the beam is equally shared 
at the two ends of the beam; that is, 
by the two half-shaft pinions. So each 
wheel is driven by equal torques, 
but at different speeds, when the 
vehicle is cornering. 
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Water of 
Crystallization 


FTER transparent crystals of washing soda have been 

stored in a warm dry cupboard for several months, 
they will be found to be covered with a thin layer of 
white powder. If blue crystals of copper sulphate are 
heated they eventually crumble to yield an off-white 
powder. 

In both these examples the transformation of transparent 
crystals into a powder has been brought about by the 
loss of water from the crystals. This can be shown by 
heating crystals of either compound in a hard glass test 
tube, and allowing the vapour given off to condense 
further up the tube. The blue colour which is a 
characteristic of copper sulphate can be quickly restored 
to the off-white powder by adding a few drops of water, 
and, in fact, this is used as a quick test for water. 

Although the crystals of washing soda (sodium carbon- 
ate) and of copper sulphate are quite dry there is a 
certain fix«-’_proportion of water which is loosely bound 
into their crystals and is known as water of crystallization. 
The number of molecules of water of crystallization 
associated with each molecule of the salt concerned may 
be found by measuring the loss in weight experienced by 
the crystals of the substance when they are heated. 


The formula of crystalline copper sulphate may be found by 
measuring the loss in weight resulting from heating the crystals 
until they break up to yield the off-white powder. The crystals 
are heated in an evaporating dish until the weight of residue 
cannot be reduced any more by further heating. 


Wt of evaporating dish + hydrate = 48-93 gm. 
Wt. of evaporating dish alone = 38-73 gm. 
Wt. of hydrate = 10-20 gm. 
Wt. of evaporating dish + anhydrous salt = 45-28 gm. 
Wt. of evaporating dish alone = 38-73 gm. 
Wt. of anhydrous salt = 6-55 gm. 
Wt. of water lost (i.e. wt. of hydrate — wt. of an- 
hydrous salt) = 3-65 gm. 


Thus 6-55 gm. copper sulphate combine “— = gm. water 


ie. | gm. copper sulphate combines wife 6 a on water 
i.e. 159-5 gm. a 5 sulphate combine with 

15925 40, 8°69 

ee are 88-9 gm. water 


Thus | gm. molecule copper sulphate combines with 
5 gm. molecules /88-9\ water 


18 
so the formula of crystalline copper sulphate is CuSO,5H,O 


(Atomic weights’ Cu = 63:5; H = 1:0; O= 16-0; S = 32:0) 
Weight of one gram molecule: 


copper sulphate water 

copper 63-5 hydrogen 2:0 

sulphur 32:0 oxygen 16-0 

oxygen x 4 64-0 “18-0 
159-5 
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Left — ihitenist in which blue 
copper sulphate crystals may be 
heated. The colour may be 
restored to the resultant white 
-powder by adding water. (right) 


The chemical properties of both the blue and white 
forms of copper sulphate are the same, but at times it is 
necessary to distinguish between these two forms. The 
white form is described as anhydrous copper sulphate since 
it does not contain any water. Any salt which has lost 
all the water of crystallization associated with it is said 
to be anhydrous, while those salts which contain water of 
crystallization are described as hydrates. 

A number of crystals exist in more than one hydrated 
form. For instance there are three hydrates of sodium 
carbonate the formulae of which are Na,CO,.10H,O 
(decahydrate), Na,CO,.7H,O (heptahydrate) and 
Na,CO,.H,O (monohydrate). The large transparent cry- 
stals are the decahydrate, containing ten molecules of 
water for each molecule of sodium carbonate, and it is 
the monohydrate with the same number of sodium 
carbonate as water molecules which is the white powdery 
layer that forms on the surface of the decahydrate. 
Although sodium carbonate also exists in the anhydrous 
state, it cannot be obtained easily from the hydrates and 
is usually prepared by the action of heat on sodium 
bicarbonate: 


2NaHCO, = Na,CO, + H,O + CO, 
sodium sodium water carbon 
bicarbonate carbonate dioxide 


The process by which crystalline salts like sodium 
carbonate decahydrate lose some or all of the water of 
crystallization associated with them is known as efflorescence. 
(This term should not be confused with effervescence, 
which means giving off bubbles of a gas e.g. the action of 
dilute acid on marble by which carbon dioxide is set free). 

Just as the crystals of some substances lose to a dry 
atmosphere some of the water which is loosely held in 
their structures, other substances will absorb moisture 
from a damp atmosphere. Some of the latter substances, 
in particular calcium chloride, are used for drying gases 
and reducing the moisture content of the air in desiccators 
(vessels in which apparatus and materials can be kept 
dry). 

Substances like calcium oxide (quicklime) which absorb 
water but not sufficient to form solutions, are hygroscopic. 
In contrast, anhydrous calcium chloride and caustic 
soda (sodium hydroxide) will continue to absorb water 
until a solution of the substance is formed. Such sub- 
stances are said to be deliquescent. 
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GEASS is a Substance we can see through because light 

is transmitted through it. Most solid substances are, 
however, more opaque to visible light. The shadow cast 
behind a solid object shows that the light in direct line 
with this region has been absorbed by the solid. 

X-rays are an invisible form of electromagnetic 
radiation, similar in many ways to visible light, but with 
wavelengths about 1000 times smaller. They are far 
more powerful and penetrating than visible light, and 
because of this, they can travel through otherwise opaque 
objects. X-rays can penetrate some substances more 
easily than others. As they pass through the human body, 
for example, X-rays can penetrate flesh more easily than 
bone. The part of the X-ray beam which has passed 
through bone loses more of its energy than the part which 
has travelled through flesh. The bones will cast dense 
‘shadows’ but other parts will cast only faint shadows. 

X-ray photographs are shadow photographs. The subject 
to be photographed is sandwiched between the source of 
X-rays, an X-ray tube on one side, and, on the other side, 
the ‘camera’ part, which collects the invisible X-rays in 
the ‘shadow’, and converts them into a visible picture. 
This part may simply be a special kind of photographic 
film, which is blackened by exposure to X-rays as ordinary 
photographic film is blackened when illuminated by 
visible light. 

All kinds of electromagnetic radiation result from 
changes taking place within atoms or molecules. An atom 
consists of a heavy nucleus surrounded by a ‘cloud’ of 
light, negatively charged electrons. Normally each electron 
stays in an ‘orbit’ a certain distance away from the 
nucleus. But when an atom is excited by, for example, 
bombarding it with a fast-moving particle, an electron 
may be given extra energy and knocked farther away from 
the nucleus. It is unstable in this state, and the electron 
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CATHODE 


drops back into its normal state almost immediately, 
emitting the extra energy the fast-moving particle has 
given it as electromagnetic radiation. 

X-rays are the result of the most violent changes in the 
electron cloud, affecting the innermost, most tightly 
bound electrons. They are produced most conveniently 
by bombarding the atoms in a heavy solid with an 
intense, fast-moving beam of electrons. ‘The electron beam 
is made, as in a cathode-ray tube, by heating a metal 
filament, the cathode. Electrons are ‘boiled-off? its surface 
and then accelerated (by a difference in electric pressure, 
or voltage) towards the other electrode, a tungsten anode. 
The voltage difference between cathode and anode in a 
cathode-ray tube may be as low as one or two thousand 
volts. But X-ray tubes normally operate at voltages of 
10,000 to 400,000 volts. The higher the voltage difference, 
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the higher the energy of each electron in the beam. 

This narrow, intense beam of electrons is focussed on a 
small area, the target, of the anode. Because each electron 
carries so much energy, it can penetrate deep into the 
electron clouds of the atoms in the target. One of the 
innermost electrons may be knocked out of its orbit. An 
outer electron falls back to take its place, and the atom 
stabilizes itself by emitting an X-ray. 

The anode target is shaped so that all the X-rays are 
beamed through a window in the X-ray tube. The rays 
travel in straight lines and hit the subject being photo- 
graphed. 

There are many ways of making visible the invisible 
X-ray beam which emerges from the other side of the 
subject. Usually the beam is ‘photographed’ directly using 
a special X-ray film. In this method, however, time is 
involved in developing and processing the film. The X-rays 
can alternatively be converted into visible light rays, and 
viewed directly, by fluorescence. 

To do this, the photographic film is replaced by a 
fluorescent screen. X-rays strike the screen, excite the 
fluorescent atoms coating it, and cause them to emit 
radiation of longer wavelength — that is, visible light. 
The intensity of the fluorescent light at any point on the 
screen depends on the intensity of the X-ray beam 
striking it. So parts of the beam where the subject was 
transparent to X-rays show up brightly on the fluorescent 
screen, while parts which have absorbed X-rays cause 
dark shadows on the screen. 

By this means, the subject can be observed continuously 
in a darkened room. A doctor can observe, directly, 
movements within the body of his patient. A record of 
the fluorescent picture can be kept by filming it with a 
cine-camera. 

The visible light can be reflected by mirrors, refracted 
by lenses, and so enlarged to show up finer detail, or 
reduced in size for convenience of storing the film. 

The X-rays used in photographing parts of the human 
body are usually what are called ‘soft’? X-rays, or longer 
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wavelength X-rays. The wavelength of the rays is 
determined by the amount of energy they represent. This 
depends initially on the energy of each individual electron 
produced in the X-ray tube, which in turn depends on 
the voltage difference between cathode and anode. To 
produce ‘hard’ (i.e. more energetic, shorter wavelength) 
X-rays, the voltage difference must be made much 
greater, up to several hundred thousand volts. Hard 
X-rays are, however, too dangerous to be used extensively 
on living creatures. 

X-rays must be used with great caution, and radio- 
graphers carry recording instruments to check the amount 
of radiation they have received. The intensity of the 
radiation administered to patients must also be carefully 
controlled, especially when they are being photographed 
continuously. The intensity is controlled by increasing or 
decreasing the number of electrons hitting the target in 
the X-ray tube. When more electrons hit the target, they 
excite more atoms, causing more X-rays to be emitted. 

On the intensity of the X-ray beam depends the 
brightness of the picture received at the other end. 

If a single still photograph is required, the intensity 
can be low, as the film can be exposed for a relatively 
long time. But if the subject is moving (e.g. the heart or 
lungs ) or if the picture is part of a cine-film, each picture 
will be short and a higher intensity beam must be used to 
give a bright picture. Alternatively, it is safer for the 
patient if the beam is intensified after it has passed through 
him. Electronic circuits have been developed to do this, 
to turn the X-ray into television pictures, and so increase 
the versatility of X-ray photography. 


Taking an X-ray photograph. The radio- 
orapher wears a protects t japket. 
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SHIPS’ 


HE pitching and rolling of a ship 

may produce sea-sickness in the 
unfortunate passenger. The side-to- 
side motion of the vessel can also 
constitute a serious hazard to an 
aircraft which has to land on the 
flight deck of an aircraft carrier. 
Although the problem of how to 
reduce these effects to a minimum is as 
old as sea travel itself, it is only in 
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or reduce it. In one method, heavy 
weights are sent, on wheels, across 
the ship to counter-balance the roll. 
A similar method is to pump water 
from tanks on one side of the ship to 
tanks on the other side. Both of 
these methods are expensive, needing 
equipment which can produce rapid 
movement of heavy weights or large 


quantities of water in a short time. 
THRUST 


STREAM L! 
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The effect of moving the axis of the fin away from the direction of motion of the ship is 
to produce a thrust on the ship which makes it roll. 


the last twenty years or so that a 
realistic solution has been found. 

The rolling (side-to-side) motion 
of the ship is usually more noticeable 
than the slower smaller pitching (back 
and forth) effect, and a number of 
attempts have been made to eliminate 


The water method has, however, 
been successfully used in large ocean- 
going ships. 

The system now in fairly general 
use employs /ydrofins, one or more on 
either side of the ship. These fins 
project from the hull in the vicinity 
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_ When the ship rolls in a heavy sea, its 
_ sideways inclination can vary up to a 
_ maximum of 15° bai the vertical. 
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If a ship were moving in calm waters, the 
movement of the fins would produce a 
forced roll. 

Me ern ee aT 


of the bilge —the nearly horizontal 
part of the ship’s bottom. The action 
of the fins is similar to that of the 
rudder in that they both tend to make 
the ship turn. Whereas the rudder 
alters the direction of travel of the 
ship, the fins are inclined in such a 
manner as to make the vessel roll 
when the ship is in motion. 

When the ship starts to roll, the 
fins are made to turn so that they 
tend to make the ship roll in the 
opposite direction, reducing the re- 
sultant roll. Movement of the fins 
is automatic and is brought about by 
the fact that the ship is starting to 
roll in the first place. So that the fins 
may be shifted to immediately counter 
the roll of the ship, a fairly elaborate 
control system is used. In the control 
unit there is often a pendulum, which is 
used to detect the amount that the 
ship is deflected from the vertical. The 
speed of rolling is detected with a 
form of rate of turn gyroscope described in 


ROLL 
TRACE 


SHIP’S FORWARD 
MOTION 


MAXIMUM 
ROLL 
ANGLE 


A ship rolling in heavy seas is stabilized by 
movement of the fins, the resulting roll 
being much reduced. 
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On the fin motor, the fins are moved up or 
down by the action of hydraulic rams. 
These are controlled by hydraulic valves. 
The fins are retracted when not in use, and 
forwarded by the extending rams when 
required. 


a previous article. The readings pro- 
duced by these instruments are am- 
plified to operate hydraulic valves. (In 
more complicated systems a roll ac- 
celeration detector is also used, and this 
makes it possible to predict which 
way the vessel is going to roll.) The 
amplifiers used may be hydraulic, 
depending upon a flow of oil or 


A typical 30,000-ton (25-knot) vessel has 
two retractable or four fixed fins. If 
only two fins are used, each is about 
7 feet long and 8 to 10 feet wide with 
full extension to about 12 feet. For 
berthing purposes the fins are retracted 
into a housing bay to avoid fouling 
harbour works, jetties and so on. Fixed 
fins are smaller and do not extend out- 
side the containing rectangle of the ship. 
Hydraulic rams are about nine inches in 
diameter and the oil pressure about 
1,200 pounds per square inch. This can 
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An unstabilized ship in heavy seas 
takes a set time or period to roll from 
one side to the other and back again. 
The roughness of the sea does not 
change the period, it only affects the roll 
amplitude or angle. In the same way, as 
a child’s swing is pushed harder and 
harder, it goes higher and higher at the 
ends of its travel but it always takes the 
same time to complete one cycle of 
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tilt the fins from one extreme inclination 
to the other in rather less than two 
seconds — compared with the ten seconds 
which the ship takes to roll from one 
side to the other. Fin movement is 
usually restricted to about 20° because 
for larger angles the inclination of the 
fin tends to slow up the forward motion 
of the ship without very much increase 
in the turning effect. Total weight of 
the complete stabilizing equipment is 
about one hundred tons. 
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movement. It therefore moves quicker 
when performing a high swing than when 
it i ‘orms a low swing. 

he action of a ship’s roll may be 
represented on a trace. Here, the 
horizontal axis points in the direction of 
the ship’s forward motion while the 
height of the trace below or above the 
horizontal axis shows the roll angle of 
the ship. 
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transmission of liquid pressure, or 
mechanical, using levers or gears. 
Alternatively, electrical amplifiers 
using solenoids to operate the plungers 
or linkages in the system may be 
used. 

These amplifiers transform the sig- 
nal from the roll-sensing equipment 
into a suitable form for the fin motors. 
On these, hydraulic rams bring about 
the actual fin movement. These rams 
consist of pistons that are moved 
along cylinders by means of oil 
pressure variations which are con- 
trolled by the hydraulic valves. 

In this way, the readings from the 
roll-sensing equipment are translated 
into motion of the fins, with accurate 
control of the direction and extent of 
fin movement obtained. 

Roll-damping systems or stabilizers 
of this type have been installed in 
ships ranging in size from 100 tons 
to the liner ‘Queen Elizabeth’ of 
83,000 tons. Some idea of the effective- 
ness of such systems may be gained 
from the fact that a fifteen degree 
roll can be reduced to one or two 
degrees. This level of damping is 
maintained during the whole of a 
voyage. 
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APPLIED SCIENCE 


PREPARING VACCINES 


HE human body has_ built-in 
mechanisms for repelling and 
suppressing the germs and neutralizing 
the poisonous substances (toxins) that 
they produce. It is not naturally 
immune to all infectious diseases, 
however, but if attacked, and if it 
survives, it will often be immune to a 
subsequent attack because antibodies 
have been produced by the body in 
response to the first attack. These may 
only remain in the blood for a short 
time but the ability of the body to 
produce the necessary antibodies 
quickly is greatly enhanced. 
Immunity may be acquired arti- 
ficially by inoculation or vaccination. 
This entails giving the body a mild 
dose of the disease so that it produces 
antibodies. The substance used is 
called a vaccine. It is usually prepared 
from the weakened or killed organisms 
that cause a certain disease, or from 
the toxins they produce. Alternatively, 


related but harmless organisms that 
produce some toxins similar to those 
of the disease-causing forms are used. 

The production of a vaccine is a 
most complicated process, a large part 
of which is concerned with ensuring 
that each batch of vaccines is safe; the 
most stringent tests being carried out. 
Basically, the process involves the 
culture (growing) of the bacteria or 
viruses concerned on a special medium 
—the culture medium. 

Viruses have to be cultured in 
living media; they can only grow and 
reproduce in living cells. Hen’s eggs 
make ideal environments for the cul- 
ture of viruses — the virus causing fowl 
pest is cultured in such a medium. 
Polio viruses are cultured in media 
prepared from monkey kidney tissue. 
Bacteria are grown on_ non-living 
media — usually liquid broths con- 
tained in large fermentation vessels. 


Polio vaccine 


The British polio vaccine is based on 
the American vaccine produced by 
Dr. Jonas Salk. As different viruses 
require particular cells in which they 
can grow, the selection of the correct 


tissue for culture bottle preparation is 
extremely important. Polio virus grows 
best in healthy monkey kidney tissue. 
The cultures are held at a temperature 
of 37°C for seven days in a special 
medium designed to maintain a good 
growth of cells. When the single- 
layered sheet of cells covers the inner 
surface of the culture bottle the spent 
fluid is changed and replaced with 
fresh fluid together with a small 
amount of the living virus. Cultures 
are reincubated for 3-4 days and 
during that time the virus will enter 
the cells, grow rapidly in them and 
ultimately destroy them. Finally, the 
virus, which has now multiplied many 
thousands of times, is harvested in the 
fluid medium. The virus fluid now 
forms the basis of the vaccine. The 
medium contains very small quantities 
of antibiotics in order to prevent the 
growth of foreign bacteria and moulds. 
When the virus fluid has passed a 
series of stringent tests it is ready for 
further processing. It is filtered to 
remove cell debris and virus clumps. 
The filters are extremely fine and allow 
the passage only of individual virus 
particles. This is extremely important 
because the next stage is the addition 
of the killing agent, formalin, and it 
must be able to attack and kill each 
and every virus particle to ensure that 
the vaccine is free from infectious virus. 
Large samples are now removed from 
the bulk single strain pools for safety 
testing in monkey kidney cell cultures 
to make sure that no live virus remains 
in the vaccine. If live virus were present 
it would destroy the cell sheet and thus 
be detected. It is interesting to note 
that as many as 1,000 cultures are 
used to test each single strain pool and 
that it takes at least six months to 
prepare. 

Poliomyelitis is caused by three 
distinct viruses and for the vaccine to 
give complete protection against this 
disease it must contain all three types 
of virus. Each type of virus is grown 
and processed separately. After the 


“pools have passed their safety tests 


satisfactorily they are then blended 


' Fertile hen’s eggs are inoculated with 


wus, one of the first stages in the production 


~ Of, fowl pest vaccine. Two research workers 


harvest virus by taking fluid from a number 


“of eggs. 


Combined vaccines 


All young children should be vaccinated 
against diphtheria, whooping cough, tetanus 
and poliomyelitis. When the vaccine for 
each of these is given separately as many as 
eight injections are needed. To save 
doctor’s time and parents’ time and to 
save the child from facing the unpleasant- 
ness of so many injections, research has 
produced a 4-in-| vaccine. This combined 
vaccine protects against all four diseases. 
The number of injections is reduced to 
five: three during the first year of the 
child’s life (at three, four and five months) 
with two booster doses (at fifteen months 
and at school entry). 

This combined vaccine - called Quadrilin 


together to form a trivalent vaccine. 
Repeat safety tests are done on the 
final vaccine in tissue culture, and in 
addition monkeys, which are highly 
sensitive to poliomyelitis and receive 
cortisone to increase this sensitivity, 
are inoculated with the vaccine and 
watched for 18 days to see if they 
remain healthy. 

‘Living’ poliomyelitis vaccines are 
given orally on sugar lumps whereas 
‘killed’ vaccines have to be injected. 

The most stringent safety pre- 
cautions are taken during the final 
stages of production. Only gowned 
and masked operators handle the 
vaccine. When the ‘pools’ arrive at 
the unit concerned, they are trans- 
ferred aseptically through a special 
panel into similar containers, thus 
eliminating the chance of contamin- 
ation being introduced into the blen- 
der room. Access to and from this 
room is made via a shower bath. 
Samples for the tissue culture safety 
tests are taken at this stage. 

The pools of single-strain vaccines 
are transferred in equal volumes to 
four hundred and fifty litre capacity 
stainless steel vessels. These are rotated 
for two hours to achieve complete 


The final stage in the production of Quadrilin — the 4-in-1 vaccine that protects against 
poliomyelitis, whooping cough, tetanus and diphtheria. 


-—gives the same protection against 
diphtheria, whooping cough and tetanus 
as would the administration of equivalent 
doses of each vaccine given separately. To 
ensure that the potency of the polio 
component is adequate, however, its 
strength has to be increased ten times. 
This is because the combined vaccine may 
be given to children from three months, 
and at this age the antibodies received 
from the mother interfere with the 
establishment of immunity by polio vaccines 
of normal strength. However, the polio 
component of the combined vaccine has 
been shown to give greater protection than 
the ordinary polio vaccine. 


mixing. The final vaccine, called 
Polivirin, is usually amber in colour. 


Fowl pest vaccine 


Fowl pest is a highly infectious disease 
affecting all types of poultry. Since 
the second world war, in particular, 
the disease has been the cause of 
heavy financial loss to the poultry 
industry the world over. Where out- 
breaks of the disease occur the practice 
is to slaughter all birds. 

With the great development of the 
broiler industry disease spreads readily 
and the colossal destruction of birds is 
becoming more and more uneconomic 
so that the need for a vaccine is a great 
one. This need has probably now been 
satisfied by the production of a killed 
vaccine, one injection of which gives 
prolonged immunity. 

The virus—a strain of Newcastle 
disease virus — is injected into a cavity 
in fertile hen’s eggs. The eggs are 
incubated for a certain length of time 
during which the virus multiplies. It 
is harvested, by extracting the fluids 
from within the eggs, inactivated and 
then stored at a temperature of 4°C 
whilst samples undergo vigorous test- 


ing to ensure that the vaccine is safe 
but sufficiently potent. After testing, 
batches of the vaccine are blended 
with aluminium hydroxide to increase 
the potency further. A ‘buffer’ is added 
to stabilise it, and then a preservative. 

Extensive safety tests are carried out 
with the vaccine on growing embryo 
chicks (those still in the egg) and on 
young chicks. 

If stored under suitably cool con- 
ditions (i.e. at a temperature between 
2°C and 10°C) it will not lose its 
potency for twelve months. Under 
warmer conditions it does not remain 
stable for such long periods (e.g. at 
37°C it loses stability within seven 
days). 

The design and production of a new 
type of syringe, shaped like a gun and 


A technician ‘refeeding’ tissue cultures with 
Sresh nutrient medium, a stage in the safety 
testing of Polivirin, the poliomyelitis 
vaccine. 


A late stage in the manufacture of 
Polivirin. The pools of single-strain vaccine 
are blended in these large stainless steel 
containers. 


which can be easily operated by hand, 
has eased the problem of giving 
vaccine to large numbers of birds. 
Young birds are best injected in the 
breast muscle, but older chickens and 
turkeys may be injected in the neck 
or thigh. 
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| INORGANIC CHEMISTRY | 


TiN 


N° one knows where tin was first 

mined and extracted but it was 
probably in use thousands of years 
before the birth of Christ. At any 
rate, it was certainly among the first 
metals to be extracted. This was 
done very simply by placing lumps of 
its ore in a charcoal fire and collecting 
the tin as it trickled out at the bottom. 
The tin mines of Cornwall were once 
so famous that the British Isles were 
known as the Cassiterides (the Tin 
Islands). But these mines have long 
fallen into disuse. Now, Malaya is the 
principal producer with Indonesia 
and Bolivia each producing about 
half as much ore. 

Tin is a white shiny metal with a 
slightly bluish tinge. Compared with 
most other metals it is soft, so soft in 
fact that it can be cut with a knife. 
Vessels made of pure tin are easily 
knocked out of shape, but alloys made 
of copper and tin are hard, harder 
than pure copper. The discovery of 
the copper/tin alloy, bronze, changed 
the whole course of civilization. Nowa- 
days, tin is alloyed with other metals 
or used as a protective coating. 

The ore, ¢instone or cassiterite, is the 
sole source of commercial tin. It 
contains stannic oxide SnO,, and is 
dark brown in colour. The tinstone 
is first crushed and then the unwanted 
earthy material is removed from it. 
As the oxide is about seven times as 
dense as water, it sinks to the bottom 
of a fast-flowing stream while the 
earth is washed on. (This is rather 
similar in principle to panning for 


The object has been plated by dipping it in 


molten tin. 


TINSTONE 
(CASSITERITE) 
yee ea 


(left) Separation of tin ore from crushed tin-bearing material. The ore sinks to the 
bottom of the water and collects behind wooden slats. (right) The tin ore is mixed with 
limestone and anthracite ready for smelting. 


gold.) The ore concentrate contains 
impurities of arsenic and sulphur. 
These are removed by roasting in the 
presence of air. The impurities are 
changed to oxides and blown away 
as gases. 

The next stage is to remove the 
oxygen from the stannic oxide so that 
only the metallic tin remains. Carbon 
in the form of anthracite is used as 
the reducing agent. It combines with 
the oxygen becoming carbon dioxide 


SnO, + C = Sn + CO, 
stannic carbon tin carbon 
oxide dioxide 


The furnace is stacked with roasted 
ore, anthracite and limestone. The 
slag floats and the tin sinks to the 
bottom where it is drawn off in the 
molten state to solidify as ingots which 
are 99.5% tin. The slag is processed 
to remove any remaining tin and the 
tin is then refined to remove most 
impurities. It is heated until it just 
melts and poured down a slope built 
of firebricks. The flowing liquid is 
stirred with poles of green wood. This 
prevents the tin from oxidizing and 
gas bubbles rising from the charring 


Soldering a header tank to the radiator of 
a car. (Solder is an alloy of tin and lead.) 


wood bring the impurities to the 
surface. Purified tin collects at the 
bottom and the dross is left at the top. 
Tin can also be refined by electrolysis. 

A certain amount of tin is recovered 
from old tinplate such as old tin 
cans. These cans are in fact made of 
steel coated very thinly with tin. 
The cans are cleaned to remove 
grease and treated with chlorine which 
converts the tin into stannic chloride 
from which the tin can be recovered. 
Alternatively the stannic chloride can 
be used direct for giving body and 
weight to pure silk. This makes it 
handle well. The silk retains about 
40% of the chloride. 


Chemistry of Tin 


In dry air, tin stays bright and 
does not corrode but a very thin 
invisible layer of oxide does in fact 
form on the surface. It is possible to 
remove this layer by attacking the 
underlying tin with iodine vapour. 
Very strong heating of tin produces 
a visible oxide layer. 

Under ordinary conditions tin is not 
attacked by water although in the 
molten state steam at 800°C oxidizes 
it to stannic oxide SnO,. Because of 
this high stability tin is good for 
lining water stills, geysers, electric 
kettles, etc. 

The halogens, chlorine, bromine 
and iodine all attack tin, forming 
halides. For example, with chlorine 
the product is stannic chloride. 

Sn + 2Ch = SnCl, 


tin chlorine — stannic 
chloride 


Tin has two possible valencies, 2 
and 4. This gives rise to two series 
of compounds, stannous compounds 
(e.g. oe al chloride SnCl,), where 


DREDGING FOR 


TIN-BEARING 
MATERIAL 


Se 


Smelting furnace in operation. The technical 
manager wears dark glasses so that he 
can look into the white hot mass inside. 


tin has a valency of 2, and stannic 
compounds (e.g. stannic chloride 
SnCl,) where the valency is 4. The 
stannic serics is the more stable. 

Tin reacts with acids to form salts. 
There is no reaction with cold dilute 
acids. They must be hot and concen- 
trated. With concentrated hydro- 
chloric acid, stannous chloride is 
formed but with nitric and sulphuric 
acids the stannic salts are formed. 

Tin is attacked by alkalis forming 
solutions of stannites and hydrogen is 
given off. With sodium hydroxide, 
sodium stannite [NaSn (OH),] is 
formed. Therefore alkalis are not 
suitable for cleaning tinware. 

Although tin is usually thought of 
as being silvery and shiny, this is 
not always the case, for tin can exist 
in three different crystalline forms 
(allotropes). Each allotrope has a range 
of temperature in which it is stable 
and the others are unstable. The silvery 
white shiny tin is stable between 13°C 
and about 180°C. When this tin is 
bent it emits a painful sounding cry 
caused by its crystals rubbing to- 
gether. Above 180°C, rhombic tin is 
stable. Below 13°C the stable allo- 
trope is a dull grey powdery form of 
tin. This does not mean that when 
tin is cooled to below 13°C there is a 
rapid crumble. The transformation is 
very slow indeed and the tin must 
often be kept at this temperature for 
months before the change begins. 
Once started though, the spread is 
rapid. The transition is known as 
tin plague. After one very severe 
winter in Leningrad, a whole cellar of 
tin bullion was changed into grey 
dust, but this is unusual. The crystal 
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structure is shattered and a 25%, 
increase of volume takes place with 
the change. 


Uses of tin 


Most tin is used for plating other 
metals such as steel. The tinplate is 
largely used by the foodstuffs industry 
because tin does not contaminate the 
food. Cans are plated with tin; milk 
vats and pipes along which food 
passes are tin-lined. Nowadays most 
plating is done by electrolysis in 
plastic-lined tanks. The object being 
plated is made the cathode and the 
anode is of tin. Both anode and cathode 
dip in a solution of a stannous or 
stannic compound. The other method 
is by hot dipping. Here, the object is 
dipped for a few seconds into molten 
tin. The tin has a very good wetting 
power and forms a thin film on the 
surface (often only -00003 in. thick). 
Tin is a very weak metal and when 
pushed out of shape does not spring 
back. For this reason it is used to 
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make tubes for artists’ colours. Plastic 
tubes would open out again drawing 
air into the tube. Tin foil is used for 
wrapping cigarettes because it has 
no tendency to open out (milk bottle 
tops are not tin but aluminium). 

The next largest use of tin is for 
alloying with other metals. Solder is 
an alloy of tin and lead (fine solder 
is 66% tin and 34% lead). Gunmetal 
and bronze are largely copper with a 
small percentage of tin. Pewter is tin 
hardened with lead. It is a very good 
alloy for ornamental work and 
jewellery. 

The importance of organo-tin com- 
pounds is on the increase. In them, 
an atom of tin is joined to one or two 
atoms of carbon. They are used to 
protect the plastic polyvinyl chloride 
(P.V.C.) against discoloration. Stan- 
nous chloride is added to soap to 
prevent it from discolouring and 
losing its perfume. Stannic oxide is 
used to give a cloudy look to glazes 
and enamels. 
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THE RAIN BO W 


HE soft bands of colour spanning 

the sky were once veiled in 

mystery but now there is a simple 
scientific explanation for rainbows. 

For a rainbow to be formed, certain 
weather conditions are necessary. The 
day must be sunny and the sun quite 
low in the sky. There are no noon-day 
rainbows where the sun is directly 
overhead. The best times are in the 
morning or evening. Nor is it possible 
to see a rainbow while facing the sun. 
The person seeing the rainbow always 
has his back towards it. Some distance 
in front of him it is raining. It is 
obvious that the raindrops are respon- 
sible for this coloured effect because 
it is equally possible for rainbows to be 
formed under suitable conditions by 
waterfalls, fountains or the spray from 
a garden hose. 

The sunlight falling on the rain 
consists of a mixture of radiation of 
various wavelengths. Red light has 
the longest wavelength and violet 
light the shortest. Intermediate be- 
tween red and violet lie orange, 
yellow, green, blue and indigo. This 
mixture of radiation is colourless 
(white) when it falls on the raindrops. 
Raindrops are almost spherical, held 
in shape by forces acting on their 
surfaces (surface tension forces) and 
behave like lenses. As a ray of light 
enters a water droplet, it is bent 
(refracted). The violet light is bent the 
most and the red light not as much. 
The effect of this is to split the white 


When the sun is high in the sky it ts 
impossible to see a rainbow. Light emerging 
Jrom the water droplets does not reach the 
observer. 
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light into its component colours. When 
the radiation reaches the far side of 
the droplet some leaves the droplet 
but the surface reflects part back into 
the droplet. Again when the reflected 
light encounters the surface, some 
radiation is refracted as it leaves and 
the rest is reflected. With this refrac- 
tion, as light is passing from water to 
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Double rainbows are sometimes 
seen. There is a bright primary 
rainbow (red at the top, purple 
underneath) and some distance above 
it another much fainter secondary 
rainbow. This time the colours are 
reversed. The purple is at the top and 
the red at the bottom. Secondary 
rainbows are formed by light which 


Secondary rainbows are formed by light which has undergone two reflections inside the 


raindrops. 


air, the red light is bent more than the 
violet. As can be seen from the 
diagram, the red light comes into the 
observer’s eye at a larger angle to the 
horizontal than the violet light, 2.e. 
the red seems to come from higher 
up than the violet. 

Because of this, the top of the 
rainbow appears red and the bottom 
violet. Such a rainbow is known as 
a primary rainbow. It is formed by 
light which has only been reflected 
once inside the water droplets. In- 
dividual colours of the spectrum 
reaching one observer come from 
different raindrops. 


has been reflected twice inside the 
raindrops. After two reflections, the 
violet light makes a larger angle with 
the horizontal at the observer’s eye 
than does the red light. Therefore this 
time the purple seems higher up than 
the red. When the primary rainbow is 
very faint it is often impossible to see 
the secondary rainbow. 

When the sun is low in the sky, the 
light leaving the droplets comes back 
to Earth where it can be picked up by 
the observer. But if the sun is high 
in the sky, the emerging light does not 
come back to Earth and consequently 
no rainbow is seen. 


LORD RAYLEIGH 
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LORD RUTHERFORD 
IN HIS WORK-ROOM 
IN THE LABORATORY 


THE CAVEND 


HE University of Cambridge has 

long been distinguished as a home 
of scientific and mathematical dis- 
covery. The greatest single figure in 
this story of achievement was Sir 
Isaac Newton with his massive con- 
tributions to both mathematics and 
physics. Much of Newton’s experi- 
mental work was carried out in his 
private rooms in Trinity College, 
almost as a hobby. Many of the great 
scientists of the seventeenth and eight- 
eenth centuries worked under similar 
circumstances; they were mostly 
gentlemen of private means who 
pursued their investigations because 
they were deeply interested in the 
reasons behind natural phenomena. 

Physics itself was not taught as a 
full university subject in Cambridge 
until the middle of the nineteenth 
century. It was a few years after the 
institution of examinations in heat, 
electricity, and magnetism, in 1871, 
that it was decided that a professor 
of physics should be appointed and 
be provided with a lecture room and 
a laboratory. 

The £6,300 which was required for 
the building was donated by the head 
of the Cavendish family, the Duke of 
Devonshire, whose ancestor, Henry 
Cavendish, carried out many famous 
experiments, including the one in 
which the mass of the Earth was 
accurately determined, and_ after 
whom the new laboratory was named. 

In 1871, James Clerk Maxwell was 
elected as the first professor at the 
Cavendish, but the laboratory itself 


oe 
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was not finally completed until 1874. 
He was already distinguished for his 
work on the nature of light waves, 
and on the kinetic theory of gases, 
before he went to Cambridge. Whilst 
he was at the Cavendish he did not 
add greatly to his original contri- 
butions. However, he established a 
laboratory where students were taught 
that properly conducted experiments 
constituted the only true basis of 
physics, and he began the research 
school whose standards of experiments 
and theoretical work played a vital 
role in the birth of modern physics. 

Clerk Maxwell’s successor, Lord 
Rayleigh, was appointed in 1879, and 
continued work on electrical standards 
initiated by Clerk Maxwell as well as 
carrying out research into a very wide 
range of subjects from telescopes to 
sound waves. By the time Rayleigh 
had left, after a period of 5 years, the 
Cavendish was well established as a 
leading research laboratory. 

Under its new head, J. J. Thomson, 
it grew into an institution in which 
many of the world’s greatest physicists 
were either to be trained or in which 
they were to conduct their researches. 
Thomson himself, though no great 
experimenter, was able, with primitive 
and simple equipment, to unravel 
many of the secrets of the atom. He 
discovered the electron, and_ this 
discovery was the first step in the 
development of modern atomic theory. 

Quite apart from his own experi- 
mental work, the institution which 
developed under Thomson acquired 


SIR W, L. BRAGG 
(1890- 
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world renown. One of the scientists 
who was attracted by the reputation 
of the Cavendish was the young New 
Zealander, Ernest Rutherford. 
Rutherford’s work in atomic physics 
began when he joined Thomson at 
the Cavendish, and he continued it 
when he moved to Toronto and then 
to Manchester. He came back to 
succeed Thomson as professor of 
physics in 1918. Many of his famous 
experiments which helped explain 
the nature of radioactivity and the 
structure of the atom were conducted 
with apparatus of astonishing simpli- 
city, in keeping with the traditions of 
the laboratory. As atomic science 
developed, however, the apparatus in. 
the Cavendish did, of necessity, be- 
come more complicated and advanced 
in design, and included such items as 
particle acceleration equipment of 
J. Cockroft and E. T. S. Walton, and 
of the Russian physicist, L. P. Kapitza. 

The list of Nobel prize-winners 
who passed through the Cavendish 
in the time of Thomson and Ruther- 
ford is imposing, the 50 years of their 
combined tenures marking a period 
in which the laboratory played a 
central role in the development of 
nuclear science. 

Since that time the great traditions 
of the Cavendish, as a teaching and 
research institution have been main- 
tained. Lord Rutherford was 
succeeded, in 1938, by Sir Lawrence 
Bragg, and he, in 1954, by Sir 
Neville Mott, both of whom have 
carried out distinguished work in 
explaining the structure of solids. 
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| HEAT CALCULATIONS | 


Linear Expansion 


STEEL bridge is 300 feet long 
when the temperature is 2°C. 
What will be its length when the 
temperature is 27°C? Unless provision 
is made for the increase in length 
(linear expansion, as it is called) the 


300°C ‘ 
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Increase in length depends on rise in 
temperature. 


bridge could buckle disastrously on a 
hot day. So before the bridge is built, 
the engineer must be able to calculate 
the increase in length. In this example 
it is just over one inch. 


In many text books the equation for 
linear expansion is given as 
~ Le = Lo (I + at) 

_ Where Ltstands for the new length after 
expansion, Lo is the original length, 
a is the coefficient of linear expansion 
and t = the rise in temperature. This 
equation is a rearrangement of the 

simple equation: increase in length = 

hy Pee Sos ete, Sepa oa Se ge ere 

_ The increase in length is, of course, 

A Wp ted. Oe prignaianedrend oh 

length and the ori length and can 

be written as Be at ror 
be bo = bo X a X t = Loat 
(since it is customary to omit multipli- 
cation signs). Adding Lo to each side of 
the equation gives Le = Lo + Loat which 
can be written as Le = Lo(Il + xt). The 
equation in this form is particularl 
convenient where the new length (Le 
after expansion is to be found. = 
A very similar equation for calculating 


The increase in length depends 
upon three things. First, as might be 
expected, it is proportional to the 
original length of the structure. For 
example, a steel bridge 300 feet long 
will expand 10 times as much as a 
steel rail 30 feet long when both are 
heated equally. Secondly, the increase 
in length is proportional (or practic- 
ally so) to the increase in temperature 
which the structure undergoes. For 
example, if a particular specimen 
expands by 1 mm when its temp- 
erature is raised through 25°C, it will 


INCREASES IN 
LENGTH 


Increase in length depends on the original 
length. 


the increase in area (superficial expan- 

sion) is At = Ao(! + ft). At stands for 

the area after expansion, Aostands for 

the original area, t stands for the rise 

in temperature. The Greek letter 8 

(beta) stands for the coefficient of 

superficial expansion, i.e. the increase in 

area of each unit of area when its temp- 

erature is raised by one degree. It is 

equal to twice the coefficient of linear 

be ha. Like Pek ea 

~The equation for calculating the 
increase in volume (cubical expansion) is — 
Vi = Vo (1 + yt) Ve stands for the 


volume after expansion, Vo stands for 


the original volume, t stands for the 
rise in temperature. The Greek letter 


y pines) stands for the coefficient of 
cubi 


cubical expansion, i.e. the increase in 
volume of each unit of volume when its 
temperature rises by one degree. It is 
equal to three times the coefficient of 
linear expansion, i.e. y = 3a. 


25 UNITS 


Increase in length depends on the material 
from which the specimen is made. 


Lo = original length 

Lt = expanded length 

a = coefficient of linear expansion 

t = rise in temperature 

Ao = original area 

At = expanded area 

_ B = coefficient of superficial expansion 

(i.e. 20%) | 

Vo = original volume 

Vt = expanded volume 

y = coefficient cubical expansion 


(i.e. 3a) 


The Forth railway bridge has an overall length of 14 miles (almost 8,000 ft.). It is made of steel (coefficient of linear expansion = 
o-o00012 per °C). If the greatest difference in temperature between the coldest and hottest days is 35°C the length of the bridge can change 
by 8,000 X 0-000012 X 35 = 3°36 feet. In fact, provision ts made for an expansion of 6 feet. 
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expand by 4 mm when its tempera- 
ture is raised through 100°C. Thirdly, 
the increase in length depends on the 
material from which the structure is 
made. 

As usual, when a quantity is pro- 
portional to a number of factors it 
is also proportional to the factors 
multiplied together (i.e. the product 
of the factors). Hence the increase in 
length of a specimen is proportional 
to the original length x the increase 
in temperature. To find the actual 
increase in length, however, the pro- 
duct is multiplied by a number, which 
depends on the material, called the 
coefficient of linear expansion. The in- 
crease in length then equals the 
original length x coefficient of linear 
expansion x increase in temperature. 
This very useful equation can be 
written in a ‘shorthand’ form as: 

increase in length = Lo x « x t 
where Lo stands for the original 
length, « stands for the coefficient of 
linear expansion, and ¢ stands for 
the increase in temperature. 

With the aid of this equation it is 
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fairly easy to solve the bridge problem 
posed at the beginning. The original 
length (Lo) of the bridge is 300 ft., 
the coefficient of linear expansion of 
steel («) is given in the table as 
o-o00012 per °C, and the rise in 
temperature (¢) is 27-2 = 25°C. The 
increase in length (Lo x « xX ¢) is 
therefore 300 X 0-000012 X 25 feet 
= 0-09 feet = 1:08 inches, and the 
length of the bridge at 27°C is 300 ft. 
1-08 ins. 

The same equation can be used to 
find the decrease in length of a solid 
when the temperature decreases. What 
will be the length of the bridge when 
the temperature drops to minus 13°C? 
The original length (Lo) of the bridge 
is 300 ft., the coefficient of linear 
expansion of steel («) is o-000012 
per °C, and the decrease in temperature 
(t) from 2°C to minus 13°C is 15°C. 
The decrease in length (Lo x « x ¢) 
is therefore 300 X 0-000012 X 15 ft. 
= 0:054 ft. = 0-648 ins., and the 
length of the bridge at minus 13°C is 
300 ft. less 0-648 ins. = 299 ft. 
11°352 ins. 


A brass rod exactly 100 cm. long at 15°C 
is heated in a steam jacket and the 
resulting increase in length is found to 
be 0-16 cm. If the temperature of the 
steam is 99°C, what is the coefficient of 
linear expansion of brass? 
Increase in length = Lo xa Xt = 
0-16 cm. 
original length (Lo) = 100 cm. 
rise in temperature (t) = 99 — 15 = 
84°C 
coefficient of linear expansion of brass = 
a per °C. 
Hence 0:16 = 100 x a x 84 
= 8400 x « 


6 _ 4 = 0.000019 per °C. 
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One form of surveyors’ chain consists of 
100 steel links, each 7:92 inches long. 
What is the change in length of the chain 
when the temperature rises from minus 
10°C to 30°C? What would be the 
change in the length if the links were 
made of Invar? 
Orga length (Lo) of chain = 
100 x 7-92 = 792 inches. 
Coefficient of linear expansion (a) of 
steel = 0-000012 per °C. 
Rise in temperature (t) from minus 10°C 
to. 30°C 40° Gi 
Hence increase in length (Lo x « x t) of 
steel chain = 792 x 0-000012 x 40 = 
0-38 inches. ' 
If the links were made of Invar the 
original length (Le) would still be 792 
inches and the rise in temperature would 
still be 40°C. However the coefficient of 
linear expansion (x) of Invar is 0-0000009 
er °C so the increase in length of the 
nvar chain would be only 792 x 
x 40 = 0-028 inches. Hence 
the Invar measuring chain is far less 
subject to errors caused by changes of 
temperature. Invar is a_nickel-steel 
alloy. Because of its remarkably small 
coefficient of linear expansion it is used 
for making accurate measuring rods and 
temperature-compensated pendulums. 


A GAS TYRE-HEATING 
FURNACE 


A steel ‘tyre’ whose diameter at 10°C is 
100 cm is to be fitted on to a locomotive 
wheel whose diameter is 100-5 cm. To 
what temperature must the ‘tyre’ be 
heated before it can be slipped over the 
wheel? 

The diameter of the ‘tyre’ has to be 
expanded 0-5 cm. The diameter is a 
length and its increase can be found with 
the aid of the usual equation (increase 
in length = Lo x « x t) even though the 
‘tyre’ is an empty ring. 
Original diameters (Lo) = 100 cm. 
Coefficient of linear expansion (x) of 

steel = 0-000012 per °C. 
Rise in temperature required = t°C. 
Increase in diameter = 0-5 cm. 
Hence 0-5 = 100 x 0-000012 x t 

0-5 = 0-0012 x t 
Multiplying both sides of the equation 
by 10,000 to get rid of awkward decimals 
gives 5,000 = 12 x t 
Dividing both sides of the equation by 
5000 

12 gives yt ae: 417°C, 
So the ‘tyre’ must be heated from 10°C 
to 10 + 417 = 427°C before it can be 
slipped over the wheel. 
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Silicon diodes are used in the power circuits 
of electrically driven locomotives. 


HEN the ends of an electrical 
conductor, such as a piece of 
copper wire, are connected to the 
terminals of a battery an electric 
current flows through the conductor. 
This means that there is a large 
continuous transfer of negative charge 
(electrons) from the negative plate 
(cathode) of the battery through the 
wire to the positive plate (anode). 
This transfer of charge occurs because 
a number of free electrons are free 
to move within the wire. 
However, when an electrical in- 
sulator, such as mica, is connected 


between the battery terminals there 
is almost no transfer of charge. This 
is because the atoms of the insulator 
do not have any free or easily removed 


In a pure semi-conductor crystal (such as 
germanium) each atom is held in the lattice 
by four valence bonds shared with neigh- 
bouring atoms. Each bond is a shared pair 
of electrons. 
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Semi-Conductor Diodes 


electrons and consequently there is 
no appreciable flow of electricity 
between the battery terminals. 

Certain materials occupy an inter- 
mediate position, between conductors 
and insulators, in the ability to pass 
an electric current. For this reason 
they are termed semi-conductors. Ger- 
manium and silicon are two such 
semi-conductors which are now very 
widely used in electronics. The semi- 
conducting properties of such 
materials may again be explained by 
the behaviour of the electrons in the 
atoms of the materials. 

Atoms of germanium and silicon 
each have four electrons in their 
outer shells. The solid is held 
firmly together because each of these 
valence electrons is shared with a 
neighbouring atom so that all the 
atoms are held in the crystal lattice by 
valence bonds, each bond consisting of 
a pair of electrons shared by two 
atoms. Each atom is therefore held in 
the lattice by four such valence bonds. 
All the electrons in the outer shells 
are used to produce these bonds and 
are attached firmly to the lattice. 
However, when the solid is exposed to 
a form of energy, such as when heat 
or light falls upon it, a few electrons 
are liberated and are free to move 
through the solid when a voltage 
(from a battery) is applied to it. 

In a semi-conductor, there will 
always be a moderate number of such 
‘free’ electrons, far fewer than in a 
conductor, and these are responsible 
for its semi-conducting properties. 
When one electron is liberated it 
leaves behind a ‘hole’ in the lattice. 
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When an impurity atom of valency 5 is 
introduced into the lattice a free unbonded 
electron is acquired. 


VALENCY 5 


Other electrons then have somewhere 
to go, and a conduction process with 
electrons passing from one atom to 
the next is possible. Materials which 
become semi-conducting as a result of 
energy received by the electrons in 
the form of heat or light are referred 
to as intrinsic semi-conductors. There 
are, however, other forms of semi- 
conductors, and these are the types 
which are used in semi-conductor 
diodes and transistors. These impurity 
semi-conductors are artificially pro- 
duced by introducing minute quan- 
tities of other materials into the 
crystals of the semi-conductor. 
Materials like arsenic, phosphorus 
and antimony have atoms which each 
have five valence electrons. If, then, 
one atom of arsenic is placed in the 
germanium crystal lattice there will 
be one spare or free electron which 
cannot be bonded into the structure 
of the four adjacent germanium atoms. 
This free electron will move through 
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The point contact semi-conductor diode was 
made before the junction type. A ‘cat’s 
whisker’ wire presses against a disc of 
n-type germanium. During manufacture, a 
relatively large current 1s passed through the 
‘point contact’; this has the effect of 
forming a zone of p-type germanium 
locally to the point contact. Thus a p-n 
junction has been formed. 
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When an impurity atom of valency 3 is 


introduced into the lattice, there is a 
shortage of one electron, which results in 
a positive hole being formed. 
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the separate crystals of a piece of the 
material if a battery is connected 
across it. Such a material, with an 
added ‘valence five’ impurity is known 
as an n-type semi-conductor, because 
the majority carriers (the free electrons) 
are negative. In such a material 
there would still be some charge 
carried by free electrons released by 
heat or light energy but this amount 
of flow would be very much smaller 
than that due to the impurity. The 
impurity atoms are known as donors 
because they donate an electron. 

In a similar manner when one 
atom of a material such as indium, 
boron or gallium, whose atoms each 
have three valence electrons, is added 
to a crystal of germanium, there will 
be one incomplete valence bond in 
the structure of three germanium 
atoms and one impurity atom. There 
will then be an unfilled ‘hole’ in the 
basic valence structure of the material. 

If a free electron in the solid were 
to move into this hole to make up the 
full set of valence bonds, then the 
atom from which the electron was 
lost will be positively charged because 
the loss of the negative electron is the 
same as gaining a single positive charge. 
This means that a ‘positive hole’ has 
been created in the lattice. If another 
free electron fills the positive hole, 
then the vacancy due to the removal 
of the free electron creates yet another 
positive hole. In this way, the holes 
move through the conductor in an 
opposite direction from that of the 
electrons which create them, from the 
positive terminal to the negative 
terminal. Such a material, with an 
added ‘valence three’ impurity, is 
known as a p-type semi-conductor as 
the majority of charge carriers (the 
holes) is positive. The impurity atoms 
here are termed acceptors. 

It must be remembered that al- 
though there are free electrons in the 
n-type material, and positive holes in 
the p-type material, both of these 
materials are still electrically neutral 
with the charge on each electron, 
‘free’ or ‘bound’, equalled by a posi- 
tive charge on an atomic nucleus in 
the lattice. 

p-n Junctions 

If a piece of p-type semi-conductor 

is very closely joined to a piece of 


n-type it might at first be supposed that 
the free electrons from the n-type 
would immediately cross the junction 
of the two pieces and ‘fill’ the vacant 
holes in the p-type piece of material. 
Although this recombination process 
does occur it takes place only for a 
very short time; it is stopped by a 
build up of positive charge on the 
n-type side of the junction and a 
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BARRIER 
At the junction of the p-type and n-type 
materials a potential barrier is built up 
which acts as a battery, opposing 


electron flow across the junction. 


IMAGINARY 


When the junction is forward biased the 
carriers may flow in the circuit because 
the potential acts with the battery. 


When the junction is reverse biased the 
carriers cannot flow easily because the 
potential barrier acts against the battery. 


FORWARD VOLTAGE 


build up of negative charge on the 
p-type side of the junction. This is 
due to the fact that the transfer of an 
electron from the n-type material 
places a negative charge on the 
previously neutral p-type material, 
leaving the n-type material short of 
one negative charge, and therefore 


positive. The build up of charge on 
either side of the junction is rather 
like erecting a barrier to the flow. 

When a battery is connected across 
the ends of the two pieces of semi- 
conductor the balance of forces at 
the junction is upset. Free electrons 
in the n-type piece are repelled by 
the cathode of the battery and are 
therefore forced towards the junction 
and through the barrier; similarly, 
holes in the p-type piece are repelled 
by the positively charged-anode of the 
battery and are therefore forced to- 
wards the junction and through the 
barrier. As the battery voltage, (elec- 
trical pressure) is increased, more 
and more free electrons and holes are 
forced across the junction and through 
the barrier. When the actual battery 
voltage is sufficient completely to 
counterbalance the barrier effect the 
flow of current is quite large and 
increases rapidly as the battery volt- 
age is increased. When a battery is 
connected to a p-n junction in this 
way the junction is said to be 
forward biased. 

When the connections are reversed, 
the battery is said to be reverse biased. 
The effect of battery voltage is now 
acting in the same direction as the 
barrier effect and so there is no flow 
of current. As the battery voltage is 
increased a small flow of current 
takes place because there are always 
a few charge carriers which have 
sufficient energy to overcome the 
potential barrier. This reverse current 
is thousands of times smaller than the 
forward current for the same size of 
battery voltage. 

A p-n junction acts in a similar 
manner to a thermionic diode in that 
it offers a relatively easy conducting 
path (i.e. a low electrical resistance) 
to current flow when the diode is 
forward biased, and a very poor 
conducting path (or high electrical 
resistance) to current flow when the 
diode is reverse biased. This has led 
to very wide use of semi-conducting 
diodes in electronics. Apart from being 
small and compact they have the 
great advantage over thermionic di- 
odes in that they do not have heated 
cathodes, which means that a heater 
circuit does not have to be used in 
the equipment. 
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ONE of the most important features 

in the life of a spider is its 
ability to produce silken threads. The 
silk is produced in glands in the 
abdomen and is forced out through 
the spinnerets at the hind-end of the 
body. At first the silk is liquid but, 
upon contact with the air, it hardens 
and forms the typical silken thread. 
Spider-silk is every bit as good and 
sometimes even better than silk-worm 
silk, but no efficient method is avail- 
able for producing spider-silk commer- 
cially. 

The most obvious use of the thread 
is in the formation of the web — the 
deadly trap for the insects on which 
most spiders feed. There are, however, 
other uses for the silk, and, of course, 
not all spiders make snares. Many 
hunting-spiders and wolf-spiders have 
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no permanent home - they roam 
about in search of prey instead of 
lying in wait for it. Sometimes, 
however, they construct rough silken 
shelters for themselves. Crab-spiders 
(so called because of their curved 
legs) build no webs but sit concealed 
(for example in flowers) and catch 
unwary insects. 

All spiders lay their eggs within 
silken cocoons. The yellow cocoons 
of the garden spider are commonly 
found in out-houses in the Autumn. 
Female wolf-spiders carry their egg- 
cocoons around attached to their 
spinnerets. When the young spiders 
hatch they live for some time on the 
yolk stored in their tiny bodies. Then 
they separate and begin to fend for 
themselves. Many of them travel 
great distances, suspended in the air 
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by a silken thread. 

Of those spiders that do make 
snares, the best-known are the mem- 
bers of the family Argiopidae whose 
delicate cob-webs drape our windows, 
hedges or other suitable sites. The 
garden spider is a good example. 

When beginning a web, the spider 
allows a thread to float freely until 
it reaches some object and becomes 
attached. When this has been 
achieved, the rest of the framework is 
formed. Its exact shape depends upon 
the availability of supports. Diagonal 
threads indicate the centre from which 
the spokes (or radii) are produced. A 
small spiral in the centre strengthens 
the structure. Before the actual web 
spirals are produced, a temporary 
spiral is formed going outwards. Then 
the spider uses this as a guide for 
laying down the sticky spiral from 
the outside inwards. The sticky 
threads that snare the insects are 
produced from glands other than 
those producing the dry thread of the 
framework and spokes. 

When the web is complete the 
spider rests in the centre, or may hide 
among leaves at the edge. It remains 
in contact with the web, however, by 
means of a thread and quickly senses 
vibrations caused by a trapped insect. 
The spider then rushes out and, by 
clever use of its legs, wraps its prey 
in fresh silk, biting it once or twice 
during the process. The spider does 
not get stuck on the web because it 
has a film of oil on its feet — a fact 
first noticed by the French naturalist 
Fabre. The victim is carried away to 
the hideout if the spider is hungry, 
but may otherwise be left in the web 
for a time. A damaged web is rarely 
repaired. New ones are made almost 
daily. 

Although the spider’s bite is fatal 
to its prey, very few spiders can 
pierce human skin with their fangs, 
and even fewer have a poison that is 
dangerous to Man. 


A HOUSE-SPIDER’S 
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N an optical system every lens is 

made to do a particular job and the 
light passing through it must follow a 
predesigned path. This means that the 
lenses must be made with their sur- 
faces accurately ground to particular 
curvatures and the glass must be of 
such a composition that the correct 
amount of bending takes place when 
the light rays enter and leave. The 
refractive index of glass, which deter- 
mines the amount the light bends in 
the lens, varies with the composition 
of the glass. 

First of all, optical glass of high 
quality must be made. Its composition 
is accurately controlled so that the 
glass is of the required standard. For 
example, the glass may contain stabi- 
lizers which prevent it from blackening 
on exposure to gamma rays. Most 
spectacle lenses are made of colourless 
glass known in the trade as white glass 
but about 15°, are tinted to give pro- 
tection against glare. 

The raw materials, which are usually 
a mixture of sand, sodium carbonate 
or sulphate, and calcium carbonate 
are heated electrically in platinum 
lined pots and well stirred to make 
certain the composition is the same 
throughout. There are several ways of 
dealing with the molten glass, to make 
it into small slabs or blanks from which 
lenses can be ground. 

In the oldest method the glass is 
allowed to cool down slowly and 
solidify in the pot. The pot is then 
shattered so that the glass can be 
removed. ‘On removal it is reheated 
until just molten and then pressed into 
slabs which are polished on both sides 


so that they can be examined for 
defects such as air bubbles. About half 
the slabs are returned to the melting 
pot because they are defective. 

Alternatively, the molten glass can 
be passed through rollers to form a 
sheet which is cut into pieces of suit- 
able size. These pieces are re-heated 
in a furnace and then pressed in dies 
to make them approximately the 
shape of the lens. 

In the latest method a hot sluggish 
stream of glass is drawn continuously 
from the pot and cut automatically 
into pieces of a predetermined weight. 
These hot pieces of glass drop into one 
of a number of moulds on a con- 
tinuously turning table. A top plunger 
then presses the hot glass into the 
approximate shape of the lens. The 
roughly shaped lens is known as a 
blank. 

Whichever way the blank has been 
made it contains internal stresses and 
strains caused by cooling too quickly. 
These are points of weakness in the 
glass which make it liable to break and 
crack. They are dealt with by annealing 
in an annealing lehr (an enclosed oven). 
Here, the blanks are heated and 
allowed to cool down very slowly in- 
deed to get rid of internal stresses. 

The blanks must then be ground to 
make them into lenses. Here, a very 
high accuracy is required, for the lens 
must often be correctly cut to within 2 
millionths of an inch. This grinding is 
done in several stages. 

Diamond grinding machines are used to 
quickly grind the blanks to the re- 
quired thickness and curvature. The 


diamond grinding machine consists of 


Blanks emerging from an annealing lehr where they have been allowed to cool very slowly to 
remove internal strains. 


A stirring machine mixes the molten glass in 
the furnace. 


Pot of molten optical glass being emptied. 


A glass moulding machine pressing blobs of 
molten glass into approximate lens shapes. 
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a lower rotating spindle to which the 
glass blank can be fitted. Above it is 
another rotating spindle which carries 
a tubular diamond tool. The spindle 
which carries the diamond tool can 
move from side to side. If the upper 
and lower spindles are in line with each 
other (i.e. their axes are parallel) then 
the top surface of the blank is ground 
flat. The upper spindle is tilted to pro- 
duce curved surfaces. If the axes of the 
two spindles intersect above the glass 
surface then a concave surface is 
ground, but if they intersect below, 
the surface will be convex. Softer 
grinding tools would be quickly worn 
down and the spindle would con- 
sequently need frequent adjustment, 
but because diamonds are so hard, up 
to 250,000 spectacle lenses can be 
accurately ground with one tool at one 
setting. During grinding, friction be- 
tween the tool and the lens would 
cause overheating. A constant flow of 
a solution of a soluble oil in water 
keeps the lens cool. 

It is usual to grind, smooth and 
polish the convex side of the lens first 
and then deal similarly with the other 
side after the first side has been com- 
pleted. 

For the lenses to be smoothed and 
polished it is important that they are 
held so that they cannot slip. It is also 
a help if several lenses can be treated 
at one time. Spectacle lenses are 
generally dealt with in lots of 3 to 7. 


Blocking press. Lenses are mounted in 
blocks for smoothing and polishing. 
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Diamond grinding machine. A blank is 
being roughly ground to the required thick- 
ness and curvature. 


The roughly ground lenses are heated 
to about 70-80°C and placed ground 
side down in a mould. The curvature 
of the mould is the same as that of the 
lens surfaces. A hot pad of semi- 
molten blocking material is pressed 
firmly into position in the mould so 
that the lenses become embedded in it. 
The blocking compound cools and sets. 
When it has set, the block is removed 
from the mould. At one time, pitch 
was used as a blocking compound but 
it has now been replaced by synthetic 
compounds which do not disease the 
skins of the workers handling them. 
The blocks of lenses then go to a 
lapping machine for smoothing. Here, 
large scratches are smoothed away. If 


Block of lenses placed on polishing machine. 


the concave sides of the lenses are 
being smoothed, then the cast iron 
smoothing tool has the same curvature, 
only it is convex, and vice versa. The 
convex (bulging) component is fixed 
to a vertical rotating spindle. The 
concave component is fixed above it 
on the end of a pivoted arm so that it 
can move horizontally, vertically, and 
rotate while it is doing so. A slurry of 
aluminium oxide abrasive is fed be- 
tween the two rotating parts. The 
smoothing process takes from 15 to 30 
minutes to complete. A trough under- 
neath prevents the slurry from splash- 
ing out. 

After smoothing, the blocks are 
washed free of slurry and the lenses 
are checked to see that they are of the 
correct curvature. 

The final polishing is carried out on 
a similar machine, only this time the 
polishing tool is covered with a hard 
pad of felt and cerium oxide. Zir- 
conium oxide slurry may also be used 
as a polishing compound. 

After polishing, the lenses are ex- 
amined to check that their surfaces 
are perfect. They are then removed 
from the blocks. This is done by 
cooling the blocks. The blocking com- 
pound shrinks much more than the 
lenses. The lenses loosen so that they 
can be easily removed. They are then 
passed back to the beginning of the 
line so that the other side can be dealt 


with. 


Inspecting finished surfaces for flaws. 
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An upland stream strewn with large boulders. Although these are now stationary they are easily moved along when the stream is swollen after 


heavy rains. 


THE WORK OF RIVERS 


HE rain and snow that falls upon 

the land may follow a number of 
routes before it eventually returns to 
the atmosphere. A great deal is eva- 
porated as and where it falls; some is 
absorbed by plants and given off as 
water-vapour; some seeps further into 
the ground and adds to the ground- 
water. The rest (surface run-off) runs over 
the ground and finds its way to the sea 
by way of rivers. 

Run-off is obviously greatest in 
hilly regions. Water running on the 
slopes is channelled into gullies by 
irregularities of the surface. The gul- 
lies join up and form small streams. 
At first, these flow intermittently, but 
as they remove soil and rock particles 
they soon cut down to the water- 
table (surface of the ground-water) 
and permanent streams develop. 

On the steep slopes the running 
water moves quickly and can rapidly 
deepen the channel and remove the 
resulting debris. The river water dis- 
solves some of the rock material but 
this is not of much consequence in 
deepening the stream-bed. The power 
of the gushing water is sufficient to 
prise up loose boulders from the bed 
and banks. This in itself lowers the bed 


but even more important is the cor- 
rasive action of the stones and boulders. 
These rocks, trundled along by the 
current, quickly wear down the 
stream-bed. Pot-holing is a special case 
of corrasion: swirling eddies make 
depressions in the rocky bed and these 
hollows get filled with stones. Con- 
tinued swirling of these quickly deep- 
ens and widens the hole and, if 


neighbouring pot-holes join up, the 
bed may be lowered by a considerable 


: : . 
typical young valley with over-lapping 
spurs formed as the stream runs round 
obstacles. 
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extent. During the process of corrasion 
the stones and boulders themselves 
become worn down — eventually to a 
fine silt which is held in suspension. 
This is partly why clear mountain 
streams become cloudy lower down 
their course. 

Rivers then carry their load in 
three ways: in solution, as suspended fine 
particles, and as the bottom load (the 
rolling and jumping stones and rock 
debris). The amount (total load) that 
a river can transport depends upon 
the velocity and volume of the stream 
flow. 


The water running round a bend exerts the 
greatest force at the outside (arrowed). The 
Spurs are thus worn away and the bends 
move down-stream, widening the valley in 
the process. 


EARLIER 
POSITION OF 
BEND X 
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A young landscape showing swiftly 
flowing streams, waterfalls and steep 
sided valleys. (Left) The long pro- 
file of a_young stream. 


A mature landscape showing the 
rounded hills and gentle slopes. There 
is a small flood-plain. The profile 
Shows that the river 1s graded above 
and below the falls. 


In old age the river has a very wide 
valley and the landscape is very flat. 
The river is completely graded. 


Even a small stream can carry vast amounts of debris when 
swollen by flood water. 

Everywhere along the course of the river there is a mini- 
mum necessary gradient that will give sufficient velocity 
to transport the load at that point. The river wears down 
its bed continuously until this minimum gradient is 
achieved. Further down-cutting goes on very slowly. In 
the lower reaches of the river the volume of water is large 
and the necessary gradient is therefore lower. The curve 
of a typical river from source to mouth (long profile) thus 
flattens out towards the mouth. When the minimum slope 
is reached in all parts of the river, it is said to be graded. It 
is, however, rare for a complete river to reach the graded 
condition. 

Many rivers can be divided into three regions: the 
mountain tract, the valley tract, and the lowland or plains tract. 
These are all stages in- the development of the river. In 
some recently (geologically speaking) uplifted areas the 
mountain tract flows directly into the sea as a young and 
completely ungraded river. The processes whereby the 
swiftly-flowing mountain stream becomes a broad low- 
land river are best followed by studying the history of an 
imaginary stream. 

When a region has been uplifted by some geological 
force, streams begin to flow on the slopes. These are young 
streams and they rapidly erode a channel through the 
rocks. If down-cutting is very rapid or if the rock is very 
resistant to weathering a steep-sided gorge may result. 
More frequently however, the young stream flows in a 
V-shaped valley because the sides are worn down by rain, 
soil-erosion and land-slips. The running water seeks the 
easiest way down and its course is therefore irregular as 
it curves round obstacles. This leads to the formation of 
‘interlocking spurs’ as the stream zig-zags down the 
slope. 

When water runs round a curve it exerts its greatest 
force at the outside. The spurs and valley sides are there- 
fore worn away at these points. On the inside of the bend, 
shingle is deposited. As the spurs and valley sides are worn 
away the river bends move downstream, cutting into the 
valley sides and the shingle deposits left by the previous 
bend. The valley is thus widened as well as deepened. 


Pothole in a river bed caused by the swirling action of stones. If 
several holes join up they may lower the bed considerably. 


The widening process goes on all the 
time, whenever the stream meets a 
slight obstruction and flows round it. 
The bends grow by erosion at the out- 
side and push back the valley sides. 
During the course of this widening 
the river may become graded. The 
material eroded from the valley sides 
is deposited on the valley floor which 
becomes flat and forms the flood-plain 
The valley sides are smooth and ser- 
ved by tributary streams. This is the 
valley tract and the river and its valley 
are mature in this region. Further 
widening of the valley and flood-plain 
lead to the development of the plains 
tract and the beginning of old age. 
As a whole, the river is now longer 
than at first, for while the original 
young stream matures it also grows 
back into the land by headward erosion. 
Soil-creep and landslips, at the source, 
wear back the rock and the ‘young 
region’ migrates inland. The young 
stream is normally ungraded and has 
an irregular slope. The irregularities 
must be removed before the graded 
condition is achieved. Small features 
are quickly eroded but rocks of differ- 
ing resistance are serious hindrances 
to the grading process. They may form 
high waterfalls or steeply sloping 
rapids, all of which must be reduced 
to the minimum slope. Large lakes, 
too, are a hindrance; they represent 
too shallow a gradient. It is common 
for a river to be mature and graded 
both above and below a large lake or 


Steep-sided gorges, such as this, result when 
the river cuts down rapidly and the rock is 
resistant to weathering. 


fall, because the elimination of these 
takes so long. 

Eventually the young stream may 
cut right back into land and meet 
another valley from the other side. 
There will be no more cutting back 
and the complete valley can reach 


WATERFALLS 


Where a hard band of rock is followed 
downstream by a softer one (such as shale 
or clay) the latter is worn away much 
more quickly and a steep slope results. 
The river runs down this as a rapid. 
Where the dip of the rock is such that 
the hard bed can be undercut a vertical 
face and a water fall can result. This fall 
must be removed before the river can 
reach the graded condition. As the water 
crashes over the fall it erodes the softer 


maturity and grade. When the whole 
river is graded, downcutting is slow 
but it does go on. Because the land 
masses are much reduced there is less 
material carried down and the re- 
quired gradient is less. The bed is 
thercfore lowered towards base level. 
The ultimate result would be an 
almost flat plain (peneplain) with rivers 
meandering slowly over it. 

Meanders are characteristic of rivers 
in the plains tracts or old age. They 
are sweeping curves that develop in 


all directions as the river meets any 
slight hindrance. At this stage the 
river is flowing entirely in its own 
deposits. 

Old age is very rarely reached in a 
complete river. The time required 
would be enormous (millions of years) 


material and leaves hanging pieces of 
hard rock. These fall away and the falls 
recede upstream, leaving a gorge in front 
of them. Niagara Falls and many of the 
falls in the Yorkshire Dales are formed 
by limestone rock overlying softer shales. 

As the falls recede they will reach a 
position where the base of the hard rock 
meets the future grading line. There will 
be no more undercutting and the falls 
will deteriorate into rapids and then 
disappear altogether. 


and Earth movements normally inter- 
rupt the cycle of erosion. Any uplift 
of the land produces sharp increases 
in slope and erosion is renewed — cut- 
ting back along the valley. The 
junction between the old and new 
slopes is called a nickpoint. Where the 
river cuts down into its own flood 
plain, river terraces are formed — flat 
ledges some way above the river. In 
time these disappear as the new valley 
widens out. 
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NUCLEAR PHYSICS 


THE HALF-LIFE PERIOD 


T is now possible for Man to produce artificially several 

elements which do not exist naturally. The atoms of 
these artificially-produced elements are all radioactive and 
decay into atoms of other elements just as uranium-238, 
for example, decays into thorium-234. Both these elements 
are found naturally. 

Suppose that the artificially-produced radioactive ele- 
ments such as neptunium and plutonium existed when the 
Earth was formed. Why is it that nowadays they do not 
exist naturally, while uranium, (though it is also radio- 
active) does? 

The answer to this question rests on the fact that the 
atoms of a radioactive isotope (a radioisotope) do not all 
decay at the same time. If they did, there would be no 
such thing as natural radioactivity. All the radioisotopes 
would have decayed to stable isotopes as soon as they were 
formed. 

In fact, if it were possible to observe a single radioactive 
atom, it would appear to be stable for some time and 
then, without warning, would emit a particle, and decay 
to an atom of another element within the tiniest fraction 
of a second. 

It is impossible to alter the time at which a particular 
atom decays. Changes of pressure or temperature, or 
placing the radioactive material in water or acid or any- 
thing of this sort have no effect at all on the decay of its 
atoms. Nor does the fact that nearby atoms are decaying 
and therefore emitting highly energetic particles affect the 
stability of an atom. 

If we were able to watch one particular atom of uranium- 
238, we might have to wait for thousands of millions of 
years before it suddenly decayed. If we were able to watch 
an atom of the artificial radioisotope sodium-24 however, 
it is most unlikely that we should need to wait for more 
than a day or so before it decayed. 

There is, then, an obvious difference in the rates of decay 
of these two radioisotopes. Nevertheless, it is impossible to 
predict the time at which a particular atom of either 
isotope will decay. It is only in dealing with thousands or 
millions of atoms of a particular radioisotope that it is 
possible to predict the general rate of decay. This is because 
the rate of radioactive decay of an element is governed by 
what is known as a statistical law. 

An example of a statistical law which is commonly met 
is involved in tossing a penny. Each time that the penny is 
tossed it is impossible to say whether the penny will come 
down showing ‘heads’ or whether it will be showing 
‘tails’. However, if the coin is tossed many times, it will 
land showing ‘heads’ on one-half of the number of occa- 
sions it was tossed, and showing ‘tails’ on the other 
occasions. This is because the penny stands an equal chance 
of coming down ‘heads’ or ‘tails’ on each occasion. 

Similarly, although radioactive decay is obviously much 
more complicated than simply tossing a penny, the rules 
which predict the general rate of decay of a sample of 
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radioisotope can be discovered by experiment. The 
behaviour of the large number of atoms in quite a small 
sample (1 gm of a radioactive material will contain about 
1021 atoms) will provide such information, even though 
the behaviour of a particular atom is completely unpre- 
dictable. 

The rate of decay of atoms may be observed in various 
ways. When an atom of, for instance, sodium-24 decays 
into astable atom of magnesium-24, a beta particle is emitted. 
Thus the rate of decay of sodium-24 can be determined by 
measuring the rate at which beta particles are emitted at 
different times. This would normally be done using an 
electronic instrument called a Geiger counter, which provides 
a direct measure of the rate of radioactive decay. 

If this is done by beginning with, say, one gram of 
sodium-24, it is found that after 15 hours the rate of radio- 
active decay of the sample is only one-half of what it was 
at the beginning of the experiment. Also, only half a gram 
of sodium-24 remains (the other half-gram having decayed 
to magnesium-24). 

After a further 15 hours the rate of decay is only one- 
quarter of what it was at the start, and only one-half of 
what it was 15 hours previously. At this stage only one- 
quarter of a gram of sodium-24 remains, and _three- 
quarters of a gram of magnesium-24 has been produced. 

A further 15 hours sees the rate of decay drop to one- 
eighth of its original level, and seven-eighths of a gram of 
magnesium-24 has been produced. 

The radioactive decay of the sodium-24 continues in 
this manner until it has all decayed into the stable mag- 
nesium-24. 


The half-life period is a most important characteristic of 
a radioisotope. This will become obvious in a later article 
on some of the uses of radioisotopes. Suppose, for example, 
that a radioisotope is to be used for medical purposes, 
inside a human body, and some is likely to be absorbed by 
the body. Then a radioisotope with a short half-life period 
of a few hours must be chosen so that no damage by radia- 
tion is done to the body, by prolonged irradiation. 

Unwanted long-lived radioisotopes can give rise to con- 
siderable problems. Long-lived radioisotopes produced 
(but unwanted) by atomic power stations have to be 
dumped at the bottom of oceans to eliminate the danger of 
their radioactivity. 

In this behaviour of sodium-24 a very important 
feature common to all kinds of radioactive decay is illus- 
trated. Thus, the proportion of radioisotope remaining in 
a sample is regularly halved with each passage of a certain 
period of time characteristic of the radioisotope in the 
sample. This period of time is called the half-life period. 
Thus, the half-life period of sodium-24 is 15 hours. 

The half-life period is different for different radioiso- 
topes, but is the same for different samples of the same 
radioisotope. 

For all the radioisotopes, both artificial and natural, 
the half-life period ranges from less than one million 
millionth of a second to more than one million million 
years. 

With this in mind, it can be seen that while some radio- 
isotopes are found naturally, most have to be produced 
artificially. For example, plutonium has a half-life period 
of only 14 years, and any atoms which existed when the 
Earth was formed have long since decayed to a stable 
isotope. The fact that neptunium, with a half-life period of 
about 2 million years, has disappeared, shows that the 
Earth is much older than this. Uranium-238 still exists 
naturally because it has a half-life period of nearly five 
thousand million years. 
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The half-life period of a radioactive isotope may be found by 
determining how the rate at which it gives off particles changes 
with time. The rate of emission of the particle may be found by 
using a Geiger Counter, an electronic tube which measures the 
number of particles given off in a given time. The time it takes 
for the reading on the Geiger counter to be halved is the length 
of the half-life period. For sodium-24 it is 15 hours. 


Uranium and Carbon Dating 5 

Uranium-238 is a naturally found radioisotope which decays 
through a radioactive series to produce the stable isotope lead- 
206 as the last member of the series. The ages of rocks which 
contained pure uranium-238 when they were first formed can be — 


found by finding out how much uranium-238 and lead-206 thereis 
present inside the rock. From knowledge of the half-life periods 


of the members of the radioactive series which form the lead-206, | 
the length of time it has taken to produce the amount of lead is 
found, and this provides the age of the rock. — eas omer e 

Carbon-!4 is a radioisotope which is being continuously pro- 
duced in the outer atmosphere by fast moving neutrons (in the — 
form of cosmic rays) which form the carbon isotope when in 
collision with nitrogen of the atmosphere, a proton being lost in 
the process: ; 


MN + In—>“C + |H 


The carbon formed is mixed with the other gases in the atmos- 
phere in the form of carbon dioxide, and is absorbed by plants, 
trees and eventually by animals. The presence of this carbon 
dioxide, which is present in very small quantities, may be detec- 
ted because it is radioactive. This provides a valuable aid in 
finding the age of ancient wooden objects. When a tree is cut 
down, the wood no longer absorbs and uses carbon dioxide so its 
carbon content remains unchanged. Over the years, however, 
the carbon-14 content decays away, the half-life period being 
5600 years, so the radioactive level of carbon in a living tree is 
twice that of a similar tree cut down 5600 years ago. By determin- 
ing the carbon-14 content of specimens, (including ancient scrolls 
made of papyrus) with that of the living sources of the raw materials 
from which they were made, their ages may be found. 

The proportions of uranium-238 and lead-206 in a work sample, 
or of carbon-12 and carbon-I4 in a specimen of carbon containing - 
material may be found using a mass spectrometer. Minute samples 
of the substance are analysed in this instrument, with great 
accuracy. : 
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MOLECULES 

Some molecules in the liquid are ener- 
getic enough to escape into the air. 
The number which are able to do so is 
dependent on the temperature. 


MOLECULES 


cera: IN 


More molecules escape. Some are 
attracted back into the liquid. 


NUMBER 
GOING 
OUT 


In time, an equilibrium is reached when 
as many return to the liquid as are 
evaporated from it. The space above 
the liquid is said to be saturated with 
water vapour. 


The amount of water vapour which the 
air space can hold before becoming 
saturated is entirely dependent on the 
temperature. At higher temperatures 
more water molecules are energetic 
enough to evaporate. So the saturation 
point (the amount going back in is 
equal to the amount going out) is 
reached when there is more water 
vapour in the air space. 


TOOO 


RELATIVE 
HUMIDITY 


E air we breathe consists of 
relatively constant proportions of 
nitrogen, oxygen and inert gases. In 
addition, it contains varying amounts. 
of water vapour. The amount of water 
vapour in a certain volume of air is 
called its humidity. 

Meteorologists, particularly, are in- 
terested in the humidity of the air. 
Very moist air is likely to accompany 
rainfall, while drier air will tend to 
help moisture evaporate from the sur- 
face of the Earth rather than deposit 
more on it. 

If perfectly dry air lies over water, 
some of the water evaporates into its 
gaseous form, water vapour. The 
water does not need to be at boiling 
point, 100°C, before this happens. A 
proportion of the water molecules can 
escape from the liquid into dry air at 
any temperature. 


Relative Humidity and 
Comfort 


The temperature of the air deter- 
mines how hot the air is around us, but 
the amount of moisture it contains (or 
strictly speaking, the relative humidity) 
influences how hot we actually feel. 

If the air is very dry (low relative 
humidity) it tends to help moisture 
evaporate from the body surface. This 
evaporation of sweat is in fact the 
body’s cooling mechanism. The more 
energetic ‘hotter’ molecules evapor- 
ate, leaving the slightly less energetic 
‘cooler’ molecules behind. So the body 
surface is cooled by dry air, rather 
below the actual temperature of the 
surrounding air. 

In very moist air (high relative 
humidity), moisture cannot be evapor- 
ated from the body surface. The body 
cannot cool dawn, so feels hot and 
clammy. 

The relative humidity must be 
regulated in factories where workers 
may have to encounter conditions of 
extreme heat. The heat would become 
unbearable if the relative humidity 
were high. 


Water in its liquid state is composed 
of millions of molecules, continually 
moving, but attracting each other 
sufficiently for the molecules to hold 
themselves in a liquid form. The speed 


of motion of the molecules determines 
the temperature of the water. As it is 
heated, the molecules are given more 
energy and move faster. Their average 
energy determines their overall tem- 
perature. 

Not all the molecules have the same 
energy. Some have more than the 
average, and some less. Those with 
most energy are more likely to be able 
to escape from the water into the air, 
using their energy to overcome the 
binding forces of the liquid. The energy 
needed for this purpose is called the 
latent heat. 

Moleculeswillcontinuetoescape, but 
in the meantime, some escaped mole- 
cules may be attracted back into the 
liquid. When as many are going out as 
are coming back in again, the air is 
said to be saturated. 


Water vapour in the atmosphere 
exerts its own pressure, a vapour 
pressure. The pressure it exerts varies 
with the amount of vapour content of 
the air. So an alternative definition of 
relative humidity is: 


vapour pressure at the initial temperature 
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Saturated vapour pressure at this same temperature 
which is again the same as: 

Saturated vapour ure at dew-point 00% 


xt 
Saturated vapour pressure at the initial temperature 


Vapour pressures can be looked upin 
tables. There is practically no difference 
between the two definitions. 


Water evaporates from the muslin around the wet bulb, and cools it. 
The relative humidity can be calculated from the difference in 
temperatures between wet and dry bulbs. The wet bulb must be well 
ventilated, and the whirling hygrometer is one kind of apparatus for 


doing this. 


The actual amount of water present 
in air is difficult to measure directly. 
Besides, the amount is not particularly 
important. What matters is how much 
water vapour is present, expressed as a 
percentage of the maximum amount it 
could hold were it saturated at that 
temperature. This percentage is called 
the relative humidity. If, for instance, air 
contains a quarter of its maximum 
quota of water vapour, its relative 
humidity is said to be 25%. 

The moisture content of air depends 
principally on the temperature. At 
higher temperatures the air can hold 
more water vapour before becoming 
saturated. At lower temperatures it 
can hold less. If air at a temperature of 

_ 20°C has a relative humidity of 50%, it 
will have a higher relative humidity if 
its temperature drops (while there is 
no net change in the actual amount of 
water vapour present). If the tem- 
perature is lowered sufficiently, it 
becomes saturated. Then the relative 
humidity is 100%. At this point the 
dew-point is reached because the satur- 
ated vapour then tends to condense, 
depositing itself as dew-drops on any 


If air with a 
relative humidity of 50% at 20°C is 
cooled, cool surfaces in contact with it 
will mist over with dew at 10°C. Its 
dew-point is then 10°C, the relative 
humidity at dew-point being 100%. 


convenient surface. 


If air at 20°C had a relative 
humidity of only 30°, it would have 
to be cooled to a lower temperature 
before condensing. In fact, the dew- 
point would be about 2.5°C. If, on the 
other hand, the air were more humid 
at 20°C, its relative humidity being, 
say, 80%, it would contain enough 
moisture to saturate it at 16°C. Its dew- 


point would then be 16°C. The dew- 
point of air at a given temperature (in 
this example, 20°C) depends on its 
relative humidity. This fact is used in 
some methods of measuring relative 
humidity. 

The initial temperature of the air is 
taken, and it is then cooled until the 
thermometer bulb mists over. The 
temperature which the bulb now reads 
is the dew-point. The relative humidity 
can be calculated by looking up in 
tables the amount of water needed to 
saturate the air at the dew-point, and 
at the initial temperature. 


Relative humidity (in the above example) is: 


amount present in air at 20°C x 100% 


amount saturating air at 20°C 
which is the same as: 


ing air ati -point (10°C) 
amount saturating air at its dew x 100%, 


amount saturating air at 20°C 


Wet and Dry Bulb Hygrometers 

A hygrometer is an instrument which 
measures relative humidity. The wet 
and dry bulb hygrometer is perhaps 
the most widely used sort. It consists of 
two thermometers placed side by side. 
A ‘wet’ thermometer is a thermometer 
with its bulb surrounded by a piece of 
wet muslin. Water evaporates from 
the material into the air, cooling the 
bulb. The amount of cooling depends 
on the amount of water vapour initi- 
ally in the air —i.e. on its humidity. 
The ‘dry’ thermometer is an ordi- 
nary thermometer, which records the 
actual temperature of the air. 

The ‘wet’ bulb does not show the 
dew-point. The temperature drop is 
not as great as this. However, special 
tables are available which correlate 
the difference in temperature between 
the wet and dry bulbs with the relative 
humidity. 


If air at 20°C has a relative humidity of 50%, then it contains half as much water vapour 
as the maximum possible — that is, the amount needed to saturate it at 20°C. But the 
amount of water vapour the air can contain decreases as the temperature decreases. So 
air at 20°C with relative humidity of 50% contains enough moisture to saturate the air 


at a lower temperature. 


PSYCHOLOGY 


THE PITUITARY - MASTER GLAND 


E pituitary gland is a tiny, almost 
egg-shaped structure about half an 
inch long by a third of an inch across 
in man. It weighs about 0.5 gram (4 
ounce). Yet the many hormones that 
it produces have such numerous and 
important effects that it is rightly 
called the master gland. 

These hormones affect growth and 
metabolism (the sum total of the 
chemical reactions within the body), 
particularly that of proteins, fats and 
carbohydrates; they control water and 
salt loss through the kidney, the sex 
glands, thyroid and adrenals, and 
have an effect on the smooth muscle in 
the walls of the blood vessels. Another 
important effect is that of stimulating 
the muscle in the wall of the uterus 
during the birth process. 

However, it must be stressed that 
the pituitary gland is not quite the 
master gland that it would appear to 
be from the above description. Many 
of the endocrine glands are not under 
its control while its control of others is 
only that of adjusting the rate at which 
they produce their own hormones. 
Removal of the pituitary does not 


(left) In a child overproduc- 
tion of growth hormone results 
in gigantism (right) under- 
production of the hormone pro- 
duces a pituitary dwarf. 


prevent them from secreting these hor- 
mones. It must also be stressed that the 
pituitary is itself acted upon by other 
endocrines. For example the rate at 
which it produces the hormone that 
acts on the thyroid (the so-called 
thyrotropic hormone) varies with the 
rate at which the thyroid is working. 
Thus, when the thyroid is producing 
less hormone than it should be, the 
pituitary releases more of its thyro- 
tropic hormone and so hormone pro- 
duction in the thyroid is speeded up. 
This ‘see-saw’ or reciprocal relation- 
ship between the pituitary and other 
structures is characteristic of many of 
the body processes. In such a way the 
‘steady state’ is maintained. 

The pituitary was certainly known 
to Calen in 200 A.D. but its role was 
misunderstood. Even in the sixteenth 
century Vesalius proclaimed that its 
function was to secrete a substance 
into the nose. It was not until the latter 
part of the nineteenth century that its 
true properties were described and in 
the last fifty years rapid strides have 
been made in our knowledge of the 
gland and its effects. One of the first 
discoveries was that by Pierre-Marie 
who, in 1886, described acromegaly and 
gigantism. ‘They are caused by over- 
activity and enlargement of the 
pituitary. In young children such a 
condition results in the continued 
growth of the skeleton producing a 
giant. If the defect occurs after the 
long bones have stopped growing 
acromegaly results. The bones become 
very much thicker, the hands and feet 
broader, the chin protrudes and the 
skin becomes coarse. Abnormalities of 
the thyroid, pancreas and sex glands 
may also result. 


Structure 


The pituitary gland is suspended 
from the underside of the brain by a 
thin stalk lying just below the point 
where the fibres of the optic nerves 
cross (i.e. the optic chiasma). Reddish- 
grey in colour, it is formed partly from 
the floor of the brain and partly from 
the roof of the mouth. 


The pituitary may be divided into 
two main lobes, a front or anterior lobe 
and a hind or posterior lobe. It may be 
sub-divided into a pars distalis (an- 
terior) and pars tuberalis, pars inter- 
media and pars nervosa forming the 
posterior lobe. 

The anterior part of the pituitary is 
so distinct from the remainder of the 
gland that it is convenient to consider 
it separately. The hormones that it, 
produces are all proteins. Between 
them they probably affect most of the 
other cells in the body. They fall 
readily into two main groups (1) those 
having an effect on growth and meta- 
bolism, (2) those that influence the 
adrenals and the gonads. 

A growth hormone has been isolated. 
It plays an essential part in the normal 
growth of the body. Overproduction 
of the hormone through an abnor- 
mality of the pituitary produces 
gigantism and acromegaly. Loss of 
function of the anterior pituitary in 
young mammals produces dwarfs. 
Conversely injection of overdoses of 
growth hormone in young animals 
produces giants. 

Growth hormone also affects the 
glands of the digestive system that 
secrete the digestive enzymes. It 
opposes some of the actions of the 
adrenals, encourages the body cells to 
retain nitrogen, and speeds up the 
burning of fat. 

Another hormone released by the 
anterior pituitary is the thyrotropic hor- 
mone. ( Tropic hormones act on specific 
organs only — the names of particular 
hormones are made up from part of 
the name of the gland on which they 
act, and ‘tropic’ meaning to ‘seek’ — 
trophic is also used but means 
‘nourish’). The thyrotropic hormone 
acts on the thyroid gland stimulating 
its cells to secrete. Thyroid hormone 
governs the general metabolism of the 
body cells. Prolactin, another anterior 
pituitary hormone, causes the pro- 
duction of milk in the mammary 
glands after these have been ‘prepared’ 
by the action of hormones released by 
the ovary. 


The other hormones released by the 
anterior pituitary affect either the sex 
glands or the adrenals. The adrenal 
gland plays a prominent part in pre- 
paring the body to cope with unusual 
conditions (stress), such as extensive 
heat or cold. Part of the gland 
(medulla) produces adrenaline, whilst 
the rest (cortex) produces a number of 
hormones. When extreme conditions 
are encountered, the adrenal medulla 
is stimulated into producing adrena- 
line. This is carried in the blood to the 
pituitary which is perhaps in this way 
caused to release the hormone that 
affects the adrenal cortex. This hor- 
mone is called the adrenocorticotropic 
hormone, or ACTH for short. ACTH 
stimulates the adrenal cortex to release 
its hormones. These have a number of 
effects in different parts of the body — 
particularly on the parts that have a 
protective and adjusting role. 

Two major hormones produced by 
the anterior lobe act on the sex glands. 
One stimulates the production of eggs 
in the ovaries of the female or sperm in 
the testes of the male. The other causes 
the development of a special tissue in 
the spaces left after the eggs have been 
discharged from the ovaries. This 
tissue — corpus luteum —is particularly im- 
portant in producing progesterone, a 
hormone that stimulates the develop- 
ment of the womb lining in the 
menstrual cycle, and, ifa fertilized egg 
isimplanted there, in the later develop- 
ment of the placenta through which 
the growing embryo is nourished. 

Our present knowledge indicates 
that the posterior part of the pituitary 
has three main activities produced by 
two hormones. One, oxytocin (or pitocin), 
causes the womb (uterus) to contract. 
It is thought that this action is ex- 
tremely important at birth in assisting 
the passage of the young out of the 
uterus. In experiments, oxytocin has 
also caused an increase in the supply of 
milk by the mammary glands to the 
suckling young. It is not certain what 
part oxytocin plays in this respect in 
life. 

The second hormone produced by 
the posterior pituitary 1s vasopressin. Its 
effect on the blood system is slight, in- 
jections causing the smooth muscle of 
the blood vessel walls to contract. Its 
normal role in man is not certain. 


RIGHT CEREBRAL 
HEMISPHERE 


PARS 
DISTALIS 
(anterior) 


In man the pituitary gland is situated just beneath the optic chiasma, (inset) a diagram 


Showing the major divisions of the gland. 


However, another effect is well estab- 
lished, that of controlling the loss of 
water and salt in the urine. Water loss 
is known as diuresis. Vasopressin acts 
on the kidneys causing them to re- 
absorb more water from the urine — it 
reduces water loss — and it is known 
therefore, as the antidiuretic hormone 
(against diuresis). Its shortened name 
is A.D.H.. A.D.H. promotes the reten- 
tion of water by the kidney tubules but 
at the same time it causes a greater loss 
of salt. Cells in the part of the brain 
above the pituitary (the hypothalamus) 
are sensitive to the salt concentration 
in the blood. Special nerve cells of the 
hypothalamus probably produce the 


A.D.H. and it passes to the posterior 
pituitary along the nerve fibres, being 
released when required into the blood 
capillaries there. Such a transport of 
stimulating material along nerve fibres 
is called neurosecretion. 

Failure of the pituitary to produce 
A.D.H. in sufficient quantities causes 
the disease diabetes insipidus when as 
much as thirty-five pints of water may 
be lost per day in the urine. It is 
interesting that the level of A.D.H. in 
the blood of the Kangaroo rat, that 
lives in deserts, is eight times as high as 
that of a dog. Consequently the former 
produces very much more concen- 
trated urine. 
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| INDUSTRIAL CHEMISTRY | 


FILTRATION 


UITE frequently the chemist 

wishes to separate a powdered 
solid from the liquid in which it is sus- 
pended. For example, he may wish to 
collect the precipitated barium sul- 
phate when analysing a sample to 
find the proportion of sulphate it con- 
tains. Similarly, in the Solvay Process 
for the manufacture of sodium car- 
bonate, sodium bicarbonate powder 
has to be separated from ammonium 
chloride solution. Although there is a 
vast difference between the scale of 
these two processes, in each case the 
solid is separated from the liquid by 
filtration. 

By passing the liquid through a por- 
ous material referred to as the filter, 
most of the solid particles suspended 
in the liquid may be collected. The 
filter may be regarded as a very fine 
sieve or strainer, and it is only the 


oe al 


To speed up the filtration of suspensions in 
the laboratory, the filtrate may be pulled 
through a Buchner filter by applying a 


vacuum. 
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clear liquid, or filtrate which passes 
through the filter. 

A wide range of filter media is now 
available, and the choice for a par- 
ticular application will depend on the 
size of particle to be removed and also 
upon the chemical properties of the 
filter. Clearly the material of which 
the filter or filter holder is made must 
not react with the liquid being filtered. 
The most frequently used types of fil- 
ter incorporate various types of cloth 
or paper, but porous eathenware is 
also used occasionally. 

In the laboratory, suspensions are 
usually filtered through specially pre- 
pared papers which have a similar 
texture to blotting paper. Circular 
discs of this filter paper may be folded so 
as to fit into the conical filter funnel. 
(see illustrations). When filtering a 
suspension through one of these fun- 
nels the liquid is added in small 
quantities so that there is always some 
filter paper visible above the liquid 
level. The suspension should be poured 
into the centre of the filter, and if 
possible down a glass rod. This stops 
the particles in suspension trickling 
down the outside of the beaker and 
being lost. If the suspended solid is 
required pure, or if all the substances 
in solution are to be recovered, the 


material retained in the filter must be 
washed several times with the pure 
solvent. 

Certain types of suspended particle 
tend to clog the pores of the filter and 
so slow down the rate of filtration. 
This is particularly true of suspensions 
in which the solid concentration is 
high. The flow rate through the filter 
may be increased by enlarging the 
filter area or by applying a vacuum 
to the clean side of the filter. In the 
laboratory these requirements may 
be achieved by using a Buchner funnel. 
In this, the circular disc of filter paper 
is used flat and is supported on a per- 
forated platform which extends across 
the widest part of the funnel. The 
filtrate runs into a conical flask from 
which the air has been removed by a 
vacuum pump. 

Filter paper is made in various 
qualities to suit different suspended 
solids and solvents, but not all suspen- 
sions met with in the laboratory can 
be filtered through paper. In such 
instances the chemist makes his own 
filter by packing a plug of glass wool 
or of asbestos fibre into a suitable 
small funnel. 

When suspensions are to be filtered 
in the laboratory, the quantities invol- 
ved are usually quite small, and in 
many instances the complete batch 
can be passed through a single disc of 
filter paper. Filtration in the labora- 
tory is essentially a batch process — the 
whole of each batch is passed through 


(Left) Banks of high efficiency air filters 
such as these are used to remove trace 
quantities of radioactive materials from the 
air at nuclear power stations and factories 
handling radio-isotopes. 


the filter and only then is the solid 
residue recovered. 

On the industrial scale there is a 
choice of equipment for both continu- 
ous and batchwise filtration. If the 
liquid which is to be filtered contains 
only a small portion of suspended 
solids it will probably be economic to 
regard filtration as a batch process. If 
a continuous output of liquid is re- 
quired, two filters may be arranged in 
parallel, so that one can be dismantled 
and the solid removed while the 
second filter is ‘on stream’. 

However, if there is a large quantity 
of suspended solids to be removed 
from the liquid, as is likely if the sus- 
pension is being filtered for its solids 
content, a continuous filter will pro- 
bably be cheaper to run. This is 
because the labour costs involved in 
frequent dismantling and cleaning of 
a batch filter are quite high. 

The most popular type of batch 
filter used industrially is the plate and 
frame filter press. This comprises alter- 
nate plates and frames which are 
supported on a pair of rails, with a 
piece of filter cloth clamped between 
each plate and frame. The suspension 
enters through inlet ports in the 
frames, the solid (often referred to as 
filter cake) is collected on the filter 
cloths while the liquid goes through 
them into the plates which contain 
outlet ports. This particular arrange- 
ment has the advantage that the num- 
ber of plates and frames in the press 


can be increased so that a large quan- 
tity of filter cake may be accommo- 
dated in the frames. This also means 
that the fall in pressure: across the 
complete unit is kept to a minimum as 
the filtration area is large, but at the 
same time the unit is compact. 

There are several more elaborate 
patterns of batch filter on the market. 
In the majority of these a number of 
thin leaves or bags of filter cloth are 
supported on a frame. These dip into 
a trough containing the suspension, a 
vacuum is applied to the inside and 
the filtrate is drawn through the 
leaves while the suspended solids are 
deposited on the outside. 

In the majority of continuous filters a 
drum or series of hollow discs covered 
with filter cloth dip into a trough of 
the suspension. A vacuum is applied 
to that area of the filter cloth which is 
immersed in the trough and the drum 
(or discs) rotate slowly. A thin coating 
of solid is deposited on the cloth while 
it is immersed, and as that segment 
rises out of the suspension this cloth is 
first washed to remove any soluble 
material collected with it. The filter 
cake is then dried by drawing air 
through it. Immediately before the 
filter cloth re-enters the suspension 
some of the filter cake is skimmed off 
with the scraper knife. A thin layer of 
the deposit is left on the drum since 
this forms a good bed on which to col- 
lect more solid during the next revo- 
lution. 


SEDIMENT 
IN BEAKER 


SOLIDS 
RETAINED 
ON FILTER 


FILTRATE 
COLLECTS 
IN DISH 


In the laboratory many suspensions can be 
filtered satisfactorily through a cone of 
filter paper held in a filter funnel. 


A number of special types of filter 
for particular application have been 
developed. These include filters for 
removing carbon and other unde- 
sirable solid contamination from the 
lubricating oil in the crankcase of an 
automobile engine. In this instance 
the designers are concerned to have a 
large filtration area in a small space. 
This is often done by pleating the 
filter cloth. 

Filtration equipment of a rather 
different type is used for removing 
dust particles from the air or other 
gases. In the Contact Process for the 
manufacture of sulphuric acid great 
care must be taken in removing dust 
lest it ‘poisons’ the catalyst. One par- 
ticularly important use of air filtration 
equipment is in factories and power 
stations where radioactive materials 
are in use. Here the filters must be 
better than 99.9% efficient in remov- 
ing radioactive particles. 
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AGRICULTURAL SCIENCE 


COMPOSTING 


HE art of composting is one that 

has been known to man for many 
years. For example, in Japan and 
China intensive cultivation has been 
achieved for at least four thousand 
years, largely by the intelligent and 
wide use of compost. 

Compost is strictly a mixture of 
various kinds of animal and vegetable 
waste material, though nowadays 
attempts are being made to compost 
numerous other wastes. Household 
refuse, for example, minus tins and 
other metallic material, is pulverised, 
sifted, wetted and then aerated by 
stirring. Bacteria are added, to aug- 
ment the actions of the normal popula- 
tion of micro-organisms, and_ the 
harmful substances in the waste are 
broken down chemically. The digested 


matter (compost) is dried and bagged. 
Enriching substances such as _ phos- 
phate, nitrate and so on may be added 
prior to bagging. 

The main aim of composting is to 
produce humus. This consists of the 
broken down remains and wastes of 
animals and plants — the so-called soz/ 
organic matter. Worms, insects, larger 
animals and their droppings, dead 
leaves and branches, and myriads of 
bacteria, fungi, protozoans, and algae 
all contribute to the humus. It consists 
of substances in various stages of 
decay, and contains fluctuating popu- 
lations of living organisms. 

Of great importance in the making 
of humus are earthworms. They eat 
their way through the soil, allowing 
air to enter and turning the soil over. 
They drag plant material down into 
their burrows, bringing it into contact 
with the teeming soil population. The 
actions of weather and the millions of 
living soil inhabitants convert the dead 
and decaying plants and animals into 
the familiar ‘earthy mould’ that is 
mature humus; a material rich in 
protein and other organic molecules 
and various kinds of minerals. 

Good soil should contain adequate 
amounts of humus, for its presence 
provides several essential require- 
ments for plant growth. It is the 
medium in which many chemical and 
biological changes take place. It is a 
rich store of plant foods, and nutrients 
‘locked up’ in it are not readily 


leached out of the soil by rain. The 
presence of humus promotes the up- 
take (by the plant) of substances such 
as sulphate, phosphate, nitrate and 
iron. It darkens light-coloured soils, 
and as a result they become warmer 
through absorbing a greater propor- 
tion of the sun’s rays. Humus also 
gives the soil a crumbly texture, 
binding light sandy particles together 
and helping it to retain water, and yet 
reducing the stickiness of clay, im- 
proving its drainage and air supply. 


Overcropping reduces the humus content of 
the soul until plant growth is reduced to such 
a low level that there are too few roots to 
bind the soil particles together. It crumbles 
and is easily eroded away by wind and 
water. 


These ‘qualities’ of humus make it 
one of the principal agents in com- 
bating erosion. Overcropping and the 
consequent exhaustion of the soil 
humus content dries up the soil, 
encourages water to run off and thus 
enhances the action of wind and rain. 
Man-made dustbowls, such as that in 


The compost heap 1s best built in layers. 


Kansas, U.S.A., show the necessity 
for maintaining a sufficient quantity 
of humus. 

The art of composting is to stimulate 
the natural production of humus in the 
soil — achieving the right balance of 
wastes and soil and providing the con- 
ditions that promote their rapid de- 
composition by micro-organisms. 


Nowadays compost can be spread rapidly by 
mechanical means. 


Composting is a valuable means of 
changing what would often be an 
offensive mass of otherwise waste 
materials into something that will act 
both as a manure and as a soil im- 
prover. Generally it is more efficient 
to apply well rotted compost to the soil 
than to turn raw plant and animal 
waste directly into the soil. 

Compost contains many substances 
that green plants and soil micro- 
organisms require as food. These in- 
clude nitrogen, phosphorus, potas- 
sium, calcium, iron, magnesium and 
silicon, together with trace elements 
such as manganese, boron, cobalt and 
zinc. The proportions of these con- 
stituents vary with the waste materials 
used and with the method of com- 
posting. 

Research has shown clearly that 
there are considerable differences be- 
tween a compost heap that is sodden 
and poorly aerated and one that is 
moist and has a good air supply. 
Different micro-organisms thrive in 
each instance. In the former case the 
only microbes that grow and _ re- 
produce are those that are able to 
utilise the chemicals in the compost 
when free oxygen is absent or when it 
is present in minute quantities. They 


are said to be anaerobic. Aerobic organ- 
isms can grow and multiply rapidly 
only when abundant supplies of air 
are available. A moist, well aerated 
heap satisfies these requirements. 
Moulds and _ heat-loving (thermo- 
philic) bacteria thrive in such con- 
ditions, fixing nitrogen and producing 
large quantities of heat so that the 
temperature of the compost heap 
rises. In a well-made compost heap 
temperatures of 150°-160°F are pro- 
duced. At these temperatures disease- 
causing bacteria are killed, the eggs, 
larvae and pupae of flies are killed and 
so the latter cannot breed. Heat also 
kills weed seeds. If a compost heap is 
not well drained and aerated, how- 
ever, little heat is generated by the 
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A section through a compost heap to show 
the shape and the arrangement of the various 
layers. 


anaerobic microbes and so pathogens 
(disease-causing bacteria) will multi- 
ply and flies and other pests are pro- 
vided with ideal facilities for breeding. 
Such heaps often release unpleasant 
smells and they lose their nutrients 
(particularly nitrogen) very rapidly. 
Obviously then, the aim is to pro- 
duce a moist but well drained and well 
aerated compost heap. The siting of 
the heap and its construction is of the 
greatest importance, therefore. To 
provide the most favourable condi- 
tions for micro-organisms, earth- 


worms etc., the site should be chosen 
where the drying effects of sun and 
wind are at a minimum and, at the 
same time, to avoid excessive rain and 
the drippings from trees. Rain and 
drippings may cause waterlogging and 
leaching of chemicals from the heap. 


Windbreaks such as hedges or fencing 
considerably reduce the drying effects 
of wind and will provide shade from 
the sun if suitably positioned. The 
corner of a garden where there is a 
wall, or an area where nothing is 
grown, will often make a suitable site. 

The foundation of the heap need 
only be lightly forked soil, though on 
very sandy soil a thin layer of clay will 
prevent excessive drainage. Heavy 
soil needs a covering of a lighter 
material such as sand or gravel. 
Ideally the foundation should be 
covered with a thin layer of mature 
compost, rotted animal manure or 
straw. 

The heap may be contained within 
a pit — this should be wider at the top 
than at the bottom —a wooden or a 
concrete box (if it is small) or on level 
ground. The best shape for a heap is 
that of a pyramid, otherwise it should 
be oblong with the base wider than the 
top. 

Many wastes may be used to make a 
compost heap. Those from the house 
include egg shells, tea leaves, carpet 
sweepings, rags, and dead flowers. 
Lawn cuttings, bonfire ash, weeds, 
straw and hay refuse, animal and bird 
manures, are wastes from farm or 
garden. Many other wastes may be 
added too, such as hedge-cuttings, 
wood-shavings and sawdust, grain 
husks, and various bagged organic 
manures (e.g. treated sewage) and 
minerals such as limé. The latter is an 
important additive which prevents 
the heap from becoming too acid and 
also helps to destroy weed-seeds. 

All waste materials added to the 
heap should be moist. They should be 
arranged in layers on top of the 
foundations with thin layers of soil 
containing lime in between. Animal 
manure helps speed up decay and is 
valuable next to vegetable remains. As 
the heap is built up it should be sloped 
inwards to form a flat ridge. A final 
covering of peat or moss is needed with 
an outer layer of soil. This forms a 
heat-retaining ‘skin’. 

Compost that rots slowly should be 
turned two or three times in the first 
year to mix up the ingredients and to 
give even rotting. When the compost 
takes on the appearance of an earthy 
mould it is ready for use. 
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BIOLOGY 


GRASSES 


O many people the werd ‘grass’ 

probably means merely the green 
vegetation of lawns, fields and verges. 
In the wider, (and true) sense of the 
word, however, the grasses are prob- 
ably the most important of all plants 
as far as Man is concerned. From this 
one family (Gramineae) come all our 
cereal crops. Wheat, oats, rice and 
maize, to name only a few, have all 
been developed from strains of certain 
wild grasses. Sugar cane is a grass, so 
too are the bamboos which may reach 
a height of more than one hundred 
feet and provide valuable materials in 
tropical countries. The majority of 
grasses, however, are short, herbace- 
ous (i.e. not woody) plants. They are 


Although thatching is a declining industry 
there is still a demand for reeds from the 
fens and broads. A good thatch of reed 
(Phragmites) will last for up to 50 years. 


world-wide in occurrence and form 
the basic diet of grazing animals. 

A characteristic of grasses is the 
production of numerous side-shoots 
from the bases of older shoots. Grazing 
or mowing stimulates greater produc- 
tion of these side-shoots. Without this 
growth mechanism grasses would be 
unable to stand up to continual graz- 
ing. Fibrous roots arise from the bases 
of the shoots and a thick sward is 
rapidly produced. Grasses are there- 
fore valuable aids in stabilizing soil on 
dunes, embankments and _ similar 
situations. The removal of the grass 
covering from the plains of North 
America resulted in the serious soil 
erosion of the ‘Dust Bowl’. 

Some grasses have short life-cycles 
and are annuals but others live for two 
or more years. In its first year a shoot 
is normally short and vegetative, but 
sooner or later it will grow up and pro- 
duce an inflorescence (flower head). The 
stems are normally hollow (except at 
the leaf-junction or node). When dry, 
they find use (as straw) in thatching, 
packaging etc. The  strap-shaped 
leaves arise on alternate sides of the 


stem. The lower part of the leaf 
sheathes the stem and at the junction 
of sheath and blade there is usually a 
collar called a ligule. The shape of this 
is of some help in identifying grasses. 

The flowers are borne in sprkelets — 
small branches almost completely en- 
closed by greenish scales called glumes. 
There may be one or more flowers in 
each spikelet, according to the species. 
When the flowers are fully formed the 
scales separate and expose the stamens 
to the wind which scatters the pollen. 
The seeds formed are rich in carbo- 
hydrate and vitamins. Cultivated gras- 
ses of various types produce grain 
which is the staple diet of peoples 
almost the whole world over. 

Vegetative reproduction is impor- 
tant in grasses. The continued produc- 
tion of new side-shoots produces 
clumps but many grasses produce 
creeping stems too. The underground 
ones (rhizomes) of couch grass make 
this such a difficult weed to eradicate. 
Creeping stems on the surface are 
called runners or stolons. These creeping 
stems enable the grass to spread itself 
rapidly over a small area. 


The base of the grass leaf sheathes the stem. At the top of the sheath there is a ‘collar’ called 
a ligule. The shape varies between species. The flowers are borne in spikelets, each of which 


LIGULE 


contains one or more flowers (shown diagrammatically at right). 
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Front Wheel Drive 


OST conventional motor vehicles 

have engines mounted at the 
front, but driving the rear wheels. 
Cars are made, however, with rear 
mounted engines driving the rear 
wheels, and front mounted engines 
driving the front wheels. 

Front wheel drive is becoming in- 
creasingly popular. There is a great 
practical advantage in having all the 
‘works’ together in one unit, although 
this may pose some problems, and 
road holding is often improved when 
the front wheels are driven. A further 
advantage of front wheel drive (shared 
with rear engined cars), is the absence 
of a propeller shaft under the floor, 
which makes it easier to build a low 
body. This is desirable from the point 
of view of styling, and helps improve 
the road-holding of the vehicle, be- 
cause the centre of gravity of the 
vehicle is lower. 


Front Wheel Drive 


Front wheel drive cars often corner 
better than some other cars because 
the front wheels pull the car round the 
corner, instead of trying to push it 
straight on. This is a particular advan- 
tage in ice and snow, but in these 
conditions the rear-wheel drive vehicle 
often is at an advantage when climbing 
hills. This is because the weight of the 
front wheel drive car is thrown on to 
the rear wheels, thus allowing the 
front wheels to spin. 

One of the complications which 
arises in front wheel drive is in trans- 
mitting the drive to the front wheels, 
which not only have to move up and 
down over bumps in the road, but 
must also turn through large angles 
for steering. In rear drive vehicles the 
Hooke’s joint provides a link between 
the rear axle transmission and the 
wheels which accommodates the up- 
and-down motion of the wheel over 


Front suspension 
arrangement of 
B.M.C. Mini-car. 


CONSTANT 
VELOCITY 
UNIVERSAL 
JOINT 


In front wheel drive cars, the absence of a propeller shaft allows the floor of the vehicle to be 


set lower than in a rear-wheel drive car. 


DRIVEN 
MEMBER 


The Constant Velocity Universal 
Joint 


In the Birfield constant velocity joint there 
is an inner spherical member attached 
to the driving shaft with six semi- 
circular section grooves machined 
length-wise along its outer surface. The 
driven shaft member is a spherical cup 
with similar grooves machined on its 
inner surface. 

The drive is transmitted by six steel 
balls housed in the grooves of the inner 
and outer members, part of the ball in 
each groove. A spherical ball cage with 
six holes locates and controls the 
length-wise position of the balls in the 
grooves. The ball cage also locates the 
driving and driven shaft members. The 
ball cage moves the balls along the 
grooves so that the centres of the balls 
always lie in a plane bisecting (halving) 
the angle between the driving and driven 
shafts. This is the essential condition for 
true constant velocity (i.e. transmission 
of drive without any speed variations in 
the driven shaft). 


DIRECTION 
OF MOTION 


In front wheel drive cars, good cornering is 
obtained because the tractive effort and 
steering act in the same direction. 


bumps in the road. In front drive 
vehicles, the drive would be transmit- 
ted in a series of uneven jerks when 
the wheels were turned through an 
angle for steering, using such a joint. 
This would result in excessive vibra- 
tion and wear. ; 

For this reason, it is necessary, in 
front wheel drive, to use a constant 
velocity universal joint which transmits 
the drive at an even speed, irrespec- 
tive of the direction in which the 
wheels are turned. 
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ASTRONOMY 


HE Sun is an ordinary sort of star. 

It is of smallish size, of average 
brightness, and in its middle age. 
Although the Sun appears to alter 
little from day to day, from year to 
year, or even from century to century, 
it is in fact slowly evolving and chang- 
ing with time. 

The Sun was ‘born’ a few thousand 
million years ago. It will probably 
‘die’ in a few thousand million years’ 
time. 

Birth 

Stars start their lives as huge 
clouds of gas, practically all of it 
hydrogen. The gas is very, very 
rarified, the diameter of the cloud 
being initially about one light year 
(5,880,000,000,000 miles). Gravita- 
tional forces acting between the atoms 
bring them closer together and the 
huge hydrogen cloud, the protostar, 
gradually starts to contract. The life 
of the star has begun. 

When atoms are very far apart, they 
have what is called gravitational energy. 
This is a kind of potential energy, and it 
disappears as the atoms are pulled 
closer together. No energy can be com- 


REE er ee ist. ONE LIGHT YEAR a SEEN 


Stars are still being ‘born’ in the dense dark clouds of gas and dust obscuring part of the 
Orion Nebula. The new star cannot be seen until it radiates enough heat and light to penetrate 


the dark clouds. 


pletely lost. It must be converted into 
energy of another kind — in this in- 
stance into giving the atoms extra 
kinetic energy, making them move 


SURG init 3,000,000 MILES a 


faster. Temperature in the rarified 
gases of the protostar simply depends 
on the speed of the molecules. In the 
beginning they are moving so fast that 


HYDROGEN 
BURNT IN 
CORE 


A huge, rarefied cloud of hydrogen gas, the 
protostar, condenses to form the star. 
Gravitational forces acting between the 
hydrogen atoms pull them closer together. 


The temperature inside the core of the star 1s 
now about a million degrees. Thermo- 
nuclear reactions start, hydrogen being 
gradually converted into helium. 


The contraction stops when the star gets so 
hot that the gravitational contraction 1s 
balanced by its tendency to expand with 
heating. 
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faster, and start to collide with other 
atoms. 

The protostar which became the 
Sun contracted to a far denser cloud of 
hydrogen, now a sphere only about 
800,000 miles in diameter. By then it 
was about 70 million years old. It had 
probably already given birth to the 
planets, formed from parts of the gas 
cloud. 

The atoms in the core of a newly 
contracted star are so energetic that 
their temperature approaches a 
million degrees Centigrade. The star 
now settles down to a steady, far 
slower process of evolution, which will 
take up 90% of its active life, and see it 
through youth to old age. Gradually, 
the hydrogen atoms are built up into 
heavier elements in thermonuclear re- 
actions. 


Middle Age 

The nucleus of the hydrogen atom, 
the proton, is the main building block 
from which the nuclei of atoms of all 
elements can be made. At the enor- 
mously high temperature in the star’s 
core the hydrogen gas is ionized, i.e. 
protons are separated from electrons. 
A few protons hit each other suf- 
ficiently hard to join to each other, 
emitting a positive electron and be- 
coming heavy hydrogen, or deuterium 
(one proton, one neutron). In nuclear 


The star has become a nova and is nearing the end of its active life. The ‘fronds’ are the processes, a proton can change into a 
outer layers of the star, which are being ejected into space. This nova is in the constellation neutron by emitting a positive electron 
of Perseus. (a positron). 

Another proton joins on, to form the 
their energy is equivalent toatempera- _ large spaces between atoms. light isotope of helium (two protons, 
ture of 10,000°C. The heating effect is, As the hydrogen atoms are pulled one neutron). More reactions follow, 
however, small, because it is confined together, their kinetic energy in- and very, very slowly, the whole pro- 


to the atoms and there is none in the creases. They become hotter, move cess probably taking hundreds of 


The helium core expands. The star expands Helium atoms start to combine to form The giant becomes a nova gecting half its 
very slowly, as it becomes hotter. The Sun heavier elements. The temperature rises matter into space. All the ‘fuel’ is used up, 
is midway between this stage and the rapidly, and the star expands into a red and the star contracts into a white dwarf 
previous one. giant. (below). 


millions of years, a stock of the heavier 
helium isotope (two protons, two 
neutrons) is built up in the core of the 
star. 

Thermonuclear reactions are enor- 
mous sources of energy, since a large 
amount of energy is released when 
light elements combine. The Sun is 


DEUTERIU 
NUCLEUS 


already about half-way through this 
stage of its life and has been radiating 
vast quantities of energy for a few 
thousand million years. Yet it has used 
only about one-twentieth of its hydro- 
gen ‘fuel’ to produce this energy. 
Most of the star’s energy is radiated 
out into space. However, a little is 
retained, and.this means that the star 
becomes hotter, and the temperature 
within its core rises to 100,000,000°C. 
When this temperature is reached, 
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roughly 10% of its hydrogen has been 
converted into helium, practically all 
of it contained in the inner core. The 
part of the star where the hydrogen is 
‘burnt’ to form helium is confined to a 
thin layer, or ‘skin’, around the core. 
The core increases in size as the hydro- 
gen-burning layer spreads out, and 


One of the probable thermonuclear reactions 
taking place within stars is the conversion 
of hydrogen atoms into helium atoms. It may 
take place in three stages, hydrogen com- 
bining to form deuterium, deuterium reacting 
to form light helium, and two light helium 
atoms reacting to form the stable helium 
isotope. 


the star as a whole slowly expands. 
Death 

Events start to move more quickly. 
Now the helium atoms start to join 
together to form heavier and heavier 
elements. These reactions all release 
vast amounts of thermonuclear energy. 
The star gets rapidly hotter, and ex- 
pands far more quickly. 

In some stars, the thermonuclear 
reactions get out of control. Heavier 
elements are quickly built up until 
iron, atomic weight 56, is produced. 
Iron and helium are the two most 
stable elements and all matter prefers 
to exist in these stable forms. The star 
has been building up stable iron from 


Samval the Sun isa comparatively | 
Before the Sun was Meee 


d renee heavie see. into 


ejected matter, with a larger propor- _ 
tion of heavier elements. : ae ai 


stable helium. But now, under certain 
conditions the reverse process takes 
place. To disintegrate iron into 
helium, a vast amount of energy is 
needed, and quickly. he only quickly 
available energy source is the gravita- 
tional energy which the star has been 
gradually building up asa result of its 
expansion. To release this energy, the 
star must contract. To supply the 
reactions with energy, the contraction 
leads to a rapid inward collapse of the 
star. 

A collapsing star is violently un- 
stable. It gains too much gravitational 
energy too quickly. The collapse is 
halted as the star explodes, ejecting 
most of its matter into space, in a 
Supernova. 

Supernovae are, however, very rare 
occurrences. Most stars manage to 
avoid going through this stage. They 
build up a concentration of heavier 
elements, expand, become red giants, 
and start to lose a lot of their outer 
layer of gas into space. The star be- 
comes a nova, as it ejects half of its 
matter, and appears far brighter. The 
star has already burnt up most of its 
fuel. What happens to it now is not 
exactly known. It is most likely that the 
star contracts again, this time to con- 
serve its heat. Its final contraction 
turns it into a dense white dwarf. White 
dwarfs are so small that their radii are 
comparable with those of the larger 
planets of the Solar System. The huge 
mass of the star is condensed into a 
relatively tiny volume. Because of this, 
its density is far higher than the density 
of any substance known on Earth. At 
the centre of a white dwarf, a single 
matchboxful of matter has a mass of 
several tons. 

It is now roughly 5,000,000,000 
years old. With no more fuel to burn, 
the star gradually cools, and ‘dies’ as it 
grows fainter and fainter, firially be- 
coming too faint to be seen. 
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Some Ordovician graptolites preserved in slates. The horny skeletons have been completely 


flattened. 


The Age of 
GRAPTOLITES 


HE early geological maps of Britain 

showed only three groups of rocks 
in Wales. These were the Carboniferous 
rocks of the coalfields in the south, the 
Old Red Sandstone of the south-east, and 
the ‘Transition’ rocks which occupied 
the rest of the country and were sup- 
posed to lie on a platform of ‘primitive’ 
rocks. 

Sedgwick and Murchison, working 
in the 1830’s, were the first to study 
the ‘Transition’ rocks in detail. In 
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The graptolite animals lived in tiny ‘cups’ 
of various shapes, arranged on stalks. 


North Wales Sedgwick found the base 
of the “Transition’ rocks and began to 
work upwards. He named the rocks 
‘Cambrian’, for Cambria was the 
Roman name for Wales. Murchison 
worked farther south at the top of the 
‘Transition’ rocks. He called his rocks 
‘Silurian’, after the Silures — an ancient 
tribe of that area. 

When the two men compared their 
results they found that some fossils 
occurred in both series. It was clear 
that Sedgwick’s ‘Upper Cambrian’ 
was equivalent to the ‘Lower Silurian’ 
of Murchison. For many years there 
was argument about what this ‘over- 
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(CAMBRIAN) 


A TRILOBITE 


lapping’ part should be called. Charles 
Lapworth solved the problem in the 
1870’s. He examined the fossils and 
suggested that those of the disputed 
rocks were sufficiently distinct for 
these rocks to have a separate name. 
He proposed ‘Ordovician’ after another 
ancient tribe—the Ordovices. The 
‘Transition’ rocks thus became divided 
into Cambrian, Ordovician and Sil- 
urlan. 

The most characteristic fossils of 
the Ordovician period are the grapto- 
lites. Nothing is known of the soft parts 
of the animals, for only the external 
skeletons are preserved and these are 
normally squashed. The individual 
animals were very tiny and lived in 
cup-shaped structures (skeletons). 
These ‘cups’ were arranged in colonies 
on straight or branched stalks. The 
graptolites are not clearly related to 
any living group of animals. 

Primitive graptolites first appeared 
at the end of the Cambrian period. 
They flourished during the Ordo- 
vician and Silurian periods and then 
died out. During their evolution the 
shapes of stalk and cup varied a great 
deal so that many species are recog- 
nised. The graptolites are found all 
over the world and the various species 
are invaluable in determining the 
relative ages of rocks, because each 
species was fairly quickly succeeded by 
another. Lapworth was able to un- 


DICHOGRAPTUS 


PALAEONTOLOGY 


ravel the structure of the Southern 
Uplands of Scotland by studying the 
succession of graptolites. Almost all 
graptolite fossils are found in deep-sea 
deposits — now represented mainly by 
slates and shales. They probably lived 
as floating colonies—a habit which 
would have aided rapid distribution. 

The lack of graptolites in the sandy 


Sir Roderick Murchison gained fame for his 
work on the ‘Silurian’ rocks, the lower ones 
of which are now included in the Ordovician 
System. 


and shelly deposits of shallow water 
may be explained by the fact that their 
delicate skeletons would be quickly 
destroyed in the rough conditions 
close to the shore. These shore-line 
deposits however, contain other fossils, 
notably ¢trilobites and brachiopods. Both 
of these groups occurred in the Cam- 
brian and Silurian too. The trilobites 
were related to crabs and lobsters and 
had a horny external skeleton. They 
are now completely extinct. Brachio- 
pods (also called lamp-shells) were 
extremely common in ancient times. 
They .resemble molluscs externally 
because of their two-valved shell but 
internally are very different. A few 
brachiopod species are living today. 
The age of fossils of the shelly deposits 
can be found sometimes where the 
ancient coastline fluctuated. ‘Wedges’ 
of graptolite-containing deposits alter- 
nate with shelly deposits. 
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The olefines are named from the paraffin with the same number of carbon atoms. The 
ending — ANE denotes a paraffin and — YLENE, an olefine. 
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2.3. BUTYLENE 


THE OLEFINES 


HE olefines come largely from oil 

refineries and from natural gas 
issuing from oil wells. Although they 
themselves are not of great use, they 
are extremely important as starting 
materials in the manufacture of many 
plastics, liquid detergents and other 
chemical substances. 

The name olefine applies to a series 
of compounds which are chemically 
related. The lighter olefine molecules 
are gases, heavier ones liquids and still 
heavier ones, solids. All olefines are 
built up of carbon and hydrogen atoms 
only. In each molecule, there are 
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twice as many hydrogen atoms as there 
are carbon atoms. A molecule with 10 
carbon atoms has the formula C,,H,,. 
Olefines can be represented by the 
general formula C,H, where n is the 
number of carbon atoms in the mole- 
cule. There is no olefine of formula 
CH,. The smallest member of the 
family is ethylene, C,H,. After that 
cole © G7, ete. 
Bonding of the Atoms 

Single bonds link the hydrogen 
atoms to those of carbon. The carbon 
atoms are linked, two by a double bond 
and the remainder by single bonds. 


ETHYLENE 
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Laboratory Preparation of 
Ethylene 


This double bond is responsible for 
most of the chemical properties of the 
olefines. It is a source of weakness 
within their molecules. Whereas single 
bonds are very strong and show little 
tendency to break, double bonds are 
under strain and prefer to react so that 
each double bond is eliminated and 
two single bonds take its place. 

Any organic compound which has 
multiple bonds in its molecule is 
described as unsaturated i.e. it is capable 
of holding more atoms in its molecule 
if they are linked by single rather than 
multiple bonds. For example, if ethy- 
lene (CH, = CH,), is heated with 
hydrogen and a catalyst to speed up 


Olefines are Unsaturated 
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SATURATED 


BROMINE 
WATER 


UNSATURATED 


They contain reactive, unstable double 
bonds. Unsaturated compounds de- 


' colourize red bromine water. This is used 
as a test for unsaturation. 


the reaction, each molecule becomes 
saturated by taking up two atoms of 
hydrogen. The double bond is broken 
and the paraffin, ethane (CH, — CH,) 
is formed. As there are now no multiple 
bonds present, no further reaction 
takes place. 

Natural gas is a mixture of saturated 
paraffins and unsaturated olefines. A 
considerable amount of natural gas is 
dissolved in crude oil and driven off 
when the oil is distilled. More olefines 
are produced when large molecules of 
heavy oil are shattered in a catalytic 
cracker to make smaller molecules 
suitable for automobile fuel. 

Because unsaturated olefines are 
more reactive than the saturated 
paraffins with which they are mixed, 
they can easily be separated out. In 
the cold, paraffins do not react with 


concentrated sulphuric acid. A paraffin 
layer floats on top of the acid, but the 
olefines do react, undergoing an addi- 
tion reaction. The sulphuric acid mole- 
cule joins on to the olefine molecule. 
The paraffin layer can be removed and 
the addition compound 
er: [CF +H sal 
O,OH 
heated to regenerate the olefine 
(C;H,,CH = CH,) 

There are several ways of preparing 
olefines such as ethylene in the labora- 
tory. By the most common method, a 
molecule of water (H,O) is removed 
from ethyl alcohol, C,H,;OH so that 
ethylene, C,H, is formed. If propylene 


are eliminated. Chlorine very readily 
adds on to olefines. Two chlorine 
atoms tag on to each molecule, one on 
either side of the shattered double 


bond. 
CH, — CH = CH, + Cl,—>CH, — CHCl! — CH.Cl 
propylene chlorine |: 2 propylene 
dichloride 


The other halogens, bromine and 
iodine react similarly only with more 
difficulty. When ethylene gas is 
bubbled through red bromine liquid, 
the bromine loses its colour as it is 
used up to form ethylene dibromide. 
At very high temperatures, the be- 
haviour is different. The double bond 
is unbroken and a halogen atom takes 
the place of a hydrogen atom. This is 


Experimental compounding of polyvinyl chloride, a plastic material made from the olefine, 


ethylene. 
C,H, is required, propyl alcohol 
C,H,OH is used. The alcohol is 


heated with concentrated sulphuric 
acid to remove the water and the 
olefine gas comes off. 
Chemical Behaviour 

As the olefines are made up of car- 
bon and hydrogen, both of which are 
excellent fuels, it is not surprising that 
they readily burn in air, giving out 
heat. Carbon dioxide and water are 
formed. 


CoH, +) 30, 2E0;. + 20,0 
ethane oxygen carbon water 
dioxide 


The flame is smoky and luminous. 
Most reactions of the olefines are of the 
addition type where atoms tag on to the 
olefine molecules and no other atoms 


substitution. At 500°C, chlorine and 
ethylene react to form vinyl chloride 
from which the plastic, polyvinyl 
chloride (P.V.C.), is made. 


CH, = CH, + Cl,—>CH, = CHC! + HCI 


ethylene chlorine vinyl chloride hydrogen 
chloride 


Addition reactions also take place 


with halogen acids. Hydrogen iodide 
reacts the most readily and hydrogen 


chloride the least. 
CH, = CH, + HCI—>CH, — CH,Cl 


ethylene hydrogen ethyl 
chloride chloride 


When the reaction takes place with 
non-symmetrical molecules such as 
propylene (CH, — CH = CH,) there 
would seem to be two possible pro- 
ducts, CH, — CHCl — CH, and 
CH, — CH, — CH,Cl. But in fact 
only the former product forms. Mar- 
kownikoff's rule is obeyed. The hydro- 
gen atom tags on to the carbon 
bearing the greatest number of hydro- 
gen atoms. 

Addition also takes place with 
chlorine and bromine water. In fact 
the discolouration of bromine water is 
used as a test for unsaturation. 

Markownikoffs rule is obeyed when 
addition takes place with concen- 
trated sulphuric acid. A hydrogen 
atom joins with the carbon already 
carrying the most hydrogen atoms and 
he SO,OH group becomes attached 
to the carbon with the least. 

With ozone, unstable explosive 
addition compounds called ozonides 
are formed. 

Uses of the Olefines 

Ethylene is used to make the plastic 
material, polythene. Its full name is 
poly-ethylene which means many 
ethylene groups joined into large mole- 
cules. It is also used together with 
benzene to make styrene from which 
the plastic material polystyrene is 
manufactured. Ethyl alcohol is now 
made from ethylene, so is the ‘anti- 
freeze’, ethylene glycol. This is also 
used in the manufacture of Terylene. 
Polyvinyl chloride has its origins in 
ethylene. Butylene C,H,, is _poly- 
merized to make artificial rubbers 
which are suitable for making motor- 
car tyres. Liquid detergents are made 
from olefines with larger molecules. 


Finding the Position of the Double Bond by Ozonolysis 


In ozonolysis, the molecule is broken across its double bond. Analysis of the fragments — 
reveals the position of the double bond. Ozonized oxygen is bubbled through asolution 
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Electronic 


ODERN computers are great time 

savers. In tiny fractions of a 
second they can accurately work out 
very tedious and complicated prob- 
lems. For example, provided it is fed 
the correct information, a computer 
can quickly work out pay slips, deduct- 
ing income tax, etc. without making 
mistakes. 

Electronic computers have been on 
the market only since 1940 but the 
idea of the computer is by no means 
new. The abacus, a simple form of 
computer has been in use since about 
2000 B.C. In 1654, another form of 
computer, the slide rule, was invented. 
Progress really began, though, at the 
end of the 19th century. Then, Pascal 
invented the cash register and Lord 
Kelvin made a _ tide-predicting 
machine which contained pieces of 
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Using the abacus to multiply 2 x 3. The 
abacus is a form of digital calculator widely 
used. 


machinery made to represent the effect 
of the Sun and Moon on the world’s 
oceans. With it, Kelvin was able to 
predict the tides at any place in the 
world for many years ahead. 

It was, however, during the second 
world war that great developments in 
computers took place. Complicated 
calculations were needed for aiming 
guns and bombs. Ordinary methods of. 
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calculation were by no means quick 
enough. Mechanical computers were 
used in anti-aircraft guns for predict- 
ing the positions of target aircraft. 

Because they contain moving parts, 
there is a limit to the speed with which 
a mechanical computer can operate. 
In the electronic computer, moving 
parts are replaced by radio valves, and 
consequently the computer can work 
much more quickly. Electric signals 
pass through, moving with the speed of 
light. These signals carry the informa- 
tion which has been presented to the 
computer. The computer works on 
the information, and produces the 
required answer. 

In the broadest sense of the word, 
the simple adding machine which 
prints the bill and calculates the total 
cost of purchases in a modern shop is a 
computer. However, the term does not 
usually mean adding machines such 
as this, but the larger and more 
complicated machines which can solve 
involved problems. These are used in 
many different fields such as aircraft 
design, forecasting weather and even 
translations from one language to 
another. 

Nearly all computers can be divided 
into one of two types — analogue or 
digital — representing the two_ basic 
methods of calculation. The largest 
computers may contain elements of 
both types. 

In analogue calculations, numbers 
of quantities in the problems are re- 
presented by physical magnitudes of 
some measurable thing (the analogue), 


which the computer can handle. The 
analogue representing the number or 
quantity may be the length of a rule 
(as in the slide rule), the voltage 
across a resistance (as in the electronic 
analogue computer), the flow of water 
in a pipe or, in fact, anything which is 
suitable and can conveniently be used. 

Probably the best-known analogue 
calculator is the slide rule. It is based on 
the use of logarithms. By adding the 
logs of two numbers, the log of the 
product of the two numbers is obtain- 
able. Thus by adding, say, the log of 2 
to the log of 3, the log of 6 is obtained. 
Since distance along the slide-rule 
represents the log of a number, multi- 
plication is easily achieved by adding 
together lengths of the scale. Division 
is achieved by subtracting lengths. 


The slide-rule is an analogue instrument widely used in Britain because of its sim- 


plicity and rapidity of use. 


Using the slide-rule to multiply 2 by 3, lengths of the rule representing the two 
numbers are added as shown. A digital equivalent of this method is to use ‘log tables’ in 
which the lengths of rule are replaced by numbers equivalent to the rule-length; two 
numbers are added together to find the solution. Using a slide-rule is quicker than 


using ‘log tables’, but generally less accurate. 


i] 


ya) at | ots 


Digital calculations are based on the 
use of actual numbers or digits which 
are operated on directly. A  well- 
known digital calculator is the abacus. 
In the abacus any number smaller 
than 10 is represented by the same 
number of beads on a ‘units’ rod. The 
number 10 is represented by one bead 
on the ‘tens’ rod, and none on the 
‘units’ rod and so on. The modern 
abacus, in fact, is slightly different in 
arrangement from this but remains 
basically the same. To multiply 2 by 3 
on the abacus, 2 beads are moved 3 
times on the ‘units’ rod, and the answer 
6 obtained digitally. 

The basic difference between the 
two methods of calculation is that 
digits are separate, discontinuous 
factors, while analogues are continuous. 
This can be seen in a very familiar in- 
strument, the speedometer of a motor- 
car. The pointer angle of the actual 
speedometer is an analogue device 
which represents the speed at which 
the car is travelling. If the car’s speed 
changes, the angle of the pointer 
changes continuously. The mileage in- 
dicator is a digital device representing 
the distance the car has travelled. As 
the distance increases, the indicator 
does not change continuously, but 


Internal view of a modern computer, indi- 
cating the complexity of the circuits used. 


only changes discontinuously as each 
mile is travelled. Even if tenths of a 
mile are recorded, the indicator re- 
mains discontinuous in operation. 

Apart from accuracy, the analogue 
computer tends to be less complicated, 
and hence cheaper than an equally 
powerful digital machine. The two 
types of machine are used for different 
types of problem because of their 
different characteristics. 

The analogue computer is used for 
problems which do not require the 
accuracy of a digital machine, and 
where cheapness and speed of the com- 
puter are an advantage. Some 
problems are very difficult to put into 
digital form and these can quite often 
be successfully solved by the analogue 
computer. 

The digital computer, and most 
analogue computers are nowadays 
electronic machines. With the tre- 
mendous progress in electronics which 


A geared total mileage counter assembly. 
This provides a digital indication of dis- 


tance covered. 


has continued since 1940, computers, 

especially digital computers, have be- 
come faster in operation, relatively 
cheaper to operate, and capable of 
performing more and more compli- 
cated tasks swiftly. For these reasons it 
is the digital computer which is some- 

times spoken of as an ‘electronic brain’. 
The analogue computer, however, has 
one very useful characteristic for some 
problems which the digital computer 
lacks. Suppose the computer is per- 
forming a calculation in aerodynamics 
to find the position of an aircraft for a 
certain position of the pilot’s controls. 


The position of the pilot’s controls is 
represented by certain voltages at the 
input to the computer. The continuous 
movement of the controls cannot be 
represented by a digital computer, but 
by varying the input voltages to the 
analogue computer the effect of varia- 
tions in the position of the controls is 
continuously recorded, and can be 
seen immediately by the computer 
operator. 
Analogue used 


computers are 


mainly in engineering research and 
design, particularly in the aircraft in- 
dustry, for this type of problem. They 
are also used to represent aircraft in 
flight in order to see how the actual 
plane will behave. Electrical signals 
are derived from varying the controls 


A magnetic speedometer. This provides a 
(continuous) analogue indication of speed. 


in a cockpit, and fed into the com- 
puter. The computer works on these 
signals, and produces other signals 
which szmulate the way the plane would 
behave in practice. These are fed back 
to the cockpit, and produce a move- 
ment of it which is similar to the move- 
ment of the plane in flight, produced 
by operating the controls. 

The flight behaviour of rockets 
under radar-control can also be simu- 
lated in this way. 

On the other hand, the applications 
of digital computers range over a wide 
variety of problems met in banking, 
scientific research, factory production, 
all kinds of office work and many other 
subjects. 

For example, the great speed of 
operation together with great accuracy 
ideally suits digital computers for the 
calculations involved in preparation of 
large numbers of pay-slips. 
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FERN S&S 


OGETHER with the club-mosses 

and horsetails, the ferns (Filicales) 
belong to the group of plants called 
the Pteridophyta (Terrid-o-figh-ta), 
which also includes the oldest known 
land-plants — fossils of the Devonian 
period. There are, in most ferns, a dis- 
tinct root, stem and leaf. There is also a 
complicated network of conducting 
tissues through which water and food 
materials move within the plant. This 
is a definite advance on the stage 
reached by mosses and liver-worts. 

Except in the tropical and sub- 
tropical tree-ferns, that may reach a 
height of 60 ft or more, the stem is 
small and usually remains under- 
ground. It is normally unbranched 
but in some species, for example, 
Bracken, it is a branching rhizome 
(underground stem) which throws up 
new leaves from all its branches. It is 
this feature that makes Bracken such 


an invasive plant. Fern leaves (fronds) 
are usually large and subdivided into 
many smaller lobes (e.g. Bracken) 
though the leaves of the Hart’s Tongue 
Fern are entire (undivided). Between 
the two there is a wide variation in the 
degree of leaf-division. Roots arise on 
the stem and on the bases of the leaves. 
They are all adventitious (i.e. they are 
not branches of the original root). 
There are no flowers. 

This brief account is not the com- 
plete description of a fern, however, 
for there are two distinct stages in its 
life history — the fern shows ‘Alteration 
of Generations’. What has so far been 
described is the diploid generation 


whose cells each have two sets of 


chromosomes. This generation bears 
spores and for this reason is also called 
the sporophyte. The spores have only 
one set of chromosomes and develop 
into the Aaploid generation whose cells 


The underside of part of a Male-fern leaf, 
showing the flaps of tissue that protect the 
spore capsules. 


thus also have only one set of chromo- 
somes. The sex-cells (gametes) are pro- 
duced by this generation which is thus 
called the gametophyte. The latter is 
small and inconspicuous and normally 
short-lived. This is the reverse of the 
condition in mosses and liver-worts, 
where the diploid sporophyte (spore- 
capsule) is short-lived and the main 
plant is the sexual (haploid) stage. In 
ferns and all higher plants the main 
plant is the diploid stage (i.e. has two 
sets of chromosomes). 

The life-history of the fern is best 
studied by taking a common example. 
Dryopteris felix-mas, the Male Fern, is 
widely distributed in the Northern 
Temperate regions and extends also 
into Africa and India. It inhabits 
hedgerows, woodland, riverside and 
heathland. The stem is a stocky under- 
ground structure that puts up a crown 
of tall leaves (up to four feet) each 
year. The leaves take two years or 
more to develop and the following 
year’s leaves can be seen tightly coiled 
at the top of the stem. As with most 
ferns, the leaves unroll from the base 
and are at first covered with brown 
‘fur’. When they wither, their bases 
remain attached to the stem which 
thus appears to get thicker each year. 

On the underside of the mature leaf 
there appear numerous brownish 
patches, in two rows on each leaf 
division. If examined in detail, the 
patches will be seen to consist of a 
number of stalked swellings, covered 
by an umbrella-shaped flap. The 


The Male Fern puts up a crown of large 
fronds each year from a short underground 
stem. Each leaf bears numerous groups of 
spore capsules on its lower side. 


The spore capsules and their protective flaps 
in section. The thickened cells of the capsules 
are water-sensitive. 


stalked swellings are spore-capsules 
and each group is called a sorus (plural 
sort). The shape and arrangement of 
these groups differ from one species to 
another. In the Hart’s Tongue they 
are in parallel strips, protected by two 
flaps of tissue. The sori of Bracken are 
arranged around the edges of the leaf 
segments and are protected by an in- 
curling of the leaf. In some species 
there is nO covering for the spore- 
capsules. 

The groups of spore-capsules nor- 
mally occur on ordinary leaves but 
some species (e.g. the Hard Fern) 
have two distinct types of leaf, only 
one of which is concerned with pro- 
ducing spores. The Royal Fern pro- 
duces spores only on the terminal parts 
of its fronds. 

Inside the spore-capsules the cells 
undergo division by the process of 
Mevwosis during which the number of 
chromosomes in the cell is halved. The 
resulting spores thus have only one set 
of chromosomes. When the spores are 
ripe, the protective flaps wither and 
the capsules split, releasing clouds of 
tiny spores. These are very resistant to 
drought and require plenty of moisture 
before they will germinate. 

Each spore develops into a tiny 
plate of green cells. This is the sexual 
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A prothallus seen from below. The sexual 
structures develop among the ‘roots’ of the 


prothallus. 


FEMALE 
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of the prothallus just as the moss 
sporophyte develops on the green 
gametophyte. Soon, however, the 
young fern plant forms its own leaves 
and becomes self-supporting. The pro- 
thallus quickly withers. The young 
fern leaves are usually very unlike the 
later ones, being small and relatively 
undivided. The later leaves become 
progressively more divided until the 
mature stage is reached. Then spores 
are again formed and another haploid 
generation arises. 


FLAGELLA 
OF 


MALE 
CELL 


MALE CELLS 


The female cell in its flask-shaped structure (A) is fertilised by the freely moving male cell (B) 
which is released in wet conditions from the male structure (C). 


generation (gametophyte), also called 
the prothallus. It is similar in most ferns, 
being heart-shaped and bearing a 
number of ‘roots’ on the underside. 
The sexual structures develop on the 
underside too. As a rule, structures of 
both sexes occur on one prothallus but 
a few species have two types of pro- 
thallus (and therefore two types of 
spore). Male structures are spherical 
and the female ones are flask-shaped. 
When the female cell is ripe and there 
is plenty of moisture, the ‘flask’ opens 
and exudes a slimy liquid. This attracts 
the male cells which are also liberated 
when it is wet. They are active bodies, 
swimming by means of flagella. The 
male cells fuse with female cells and 
form embryos—the beginning of the 
next sporophyte generation. 

The embryo develops at the expense 


Glossary 


Alternation of Generations: the 
existence of two distinct stages in the 
life-history, one of which is haploid, the 
other diploid. It occurs in most plants 
but is only obvious in some such as 
mosses and ferns. 

Diploid: having two sets of chromo- 
somes per cell. 

Gametophyte: the generation bear- 
ing the sexual structures. 

Haploid: having one set of chromo- 
somes per cell. 

Prothallus: the gametophyte of a 
fern. 

Sorus: the name given to a group of 
spore-capsules on a fern leaf. 
Spores: the tiny bodies by which 
ferns and other lowly plants disperse 
themselves. 

Sporophyte: the generation that 
bears spores. 


ELECTRONICS 


HEN a piece of silicon or germanium crystal is ‘doped’ 

with a very small quantity of a donor element such as 
phosphorous or arsenic, an n-type semi-conductor is formed. 
When the same material is doped with an acceptor element 
such as indium or boron, a p-type semi-conductor is formed. 
The n-type semi-conductor contains a number of free (i.e. 
unbound) electrons, whilst the p-type semi-conductor 
contains a number of free positive ‘holes’, caused by the 
lack of a sufficient number of electrons to fill the valence 
bonds in the lattice of the crystal. 

Ifa p-type material is joined to an n-type material then a 
device which acts like a diode valve is formed. If a very thin 
piece of n-type material is sandwiched between two pieces 
of p-type material, or a very thin piece of p-type material 
is sandwiched between two pieces of n-type material a 
junction transistor is formed. The former arrangement is 
called a p-n-p junction transistor, and the latter an n-p-n 
junction transistor. 

Such transistors may be used in electronic circuits to 
carry out most of the functions of the ordinary thermionic 
triode valve. 


Cross-section of a typical junction transistor showing the thin base 
layer of a semi-conductor sandwiched between the collector and 
emitter layers. 


In an n-type material the donor impurity atoms provide free 
electrons for conduction. In a p-type material the acceptor 
impurity atoms provide free positive holes for conduction. 
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When a piece of n-type material is joined with a piece of p-type 
material, a few free electrons and free positive holes cross the 
junction and neutralise each other’s electric charges. However, 
both the p-type material and the n-type material are normally 
electrically neutral (with each free charge neutralized by 
charges in the fixed lattice). The transfer charge across the 
junction leads to a build-up of charge on both sides of the 
junction, positive on the n-type side, fegative on the p-type 
side. This has the effect of placing an imaginary ‘battery’ 
across the junction. The ‘battery’ prevents further transfer of 
charge across the junction. 


TRANSFERRED 
POSITIVE CHARGES 
BEHAVE LIKE A 
POSITIVE BATTERY 
TERMINAL 


TRANSFERRED 
NEGATIVE CHARGES 
BEHAVE LIKE A 
NEGATIVE BATTERY 
TERMINAL 
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When a very, very thin layer of p-type material is sandwiched 
between two pieces of n-type material, transfer of charge 
occurs across two junctions, resulting in the formation of two 
‘batteries’. 


TWO IMAGINARY 
‘BATTERIES’ 


N-TYPE EMITTER p-TYPE BASE N-TYPE COLLECTOR 


_ Inann-p-n junction transistor, one n-type layer is called the 
emitter and the other the collector. The p-type layer is called 
the base. When an external battery is connected between the 
emitter and base, free electrons in the emitter are repelled by 
the negative terminal and are driven into the base. Here, a few 
of the electrons combine with a few of the positive holes, but 
the base is very thin and the number of holes in it is made to be 
small. So practically all of the electrons pass on across the 
SECONG jUNCtiOnn:. 28 na as a eS 

There is opposition to the flow of electrons across the 
junction between emitter and base, but this is small because 
the way in which the imaginary ‘battery’ is connected assists 
the external battery. This form of connection of the external 
battery is called forward biassing. 

At the junction between the base and collector, the imagin- 
ary battery opposes the passage of electrons, since it is con- 
nected the opposite way round to the externaj battery. This 
junction is then reverse biassed. 

However, the second external battery assists the first 
external battery in driving the electrons through the second 
junction, because the two batteries are connected in series. In 
fact, about 98% of all the electrons leaving the emitter arrive 
at the collector. 

The overall effect of connecting the two external batteries 
to the junction transistor is to force the electrons from emitter 
to collector over two barriers, one after the other. The first 
barrier (being forward biassed) is a small one. The second 
barrier (being reverse biassed) is a much larger one. The 
current passing through both junctions is, however, pretty 
well the same. 
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The action of the n-p-n junction transistor may be compared 
with a jet of water from a hose-pipe. es 


If the jet is very powerful it may be assumed that it travels in 
a straight line, unaffected by gravity. If the jet is directed to. 
clear a rope barrier at A, and then another higher one at B, it 
will hit the wall at the point C. The jet is driven by the pressure 
of the water in the hose, and the amount of water arriving at C_ 


is nearly equal to that leaving the hose. 


__In the transistor, the electron current is driven by the 
electrical ‘pressure’ (voltage) obtained from the external 
batteries over a small barrier at the first junction and a much 
larger barrier at the second junction. Most of the current 


leaving the emitter arrives at the collector. © 


THE FIRST ROPE 
BARRIER 1S MUCH 
NEARER AND LOWER 


THAN THE — 
‘SECOND ONE 


MUCH LARGER VARIATION 
WHICH CLEARS SECOND 
BARRIER AND HITS WALL 


SMALL VARIATION 
WHICH CLEARS THE 
FIRST BARRIER 


If now, the hose-jet is moved up and down a small amount but 
still directed so as to clear the rope barriers at A and B, quitea 
small movement of the hose-end is translated into a very large 
movement of the jet at the wall. The amount of water leaving 
the hose is once again almost the same as the amount arriving 
at the wall. 

Similarly, in a transistor, a small change in voltage between 
emitter and base (the ‘hose’ end) is amplified into a large 
change in voltage between the collector and base (the ‘wall’ 
end). The current is unchanged. 


CURRENT GOING IN CURRENT COMING OUT 
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THE CURRENT COMING OUT OF THE TRANSISTOR IS ALMOST 
EXACTLY THE SAME AS THE CURRENT GOING IN 


VOLTAGE COMING OUT 
VOLTAGE GOING IN 
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BUT A CHANGE IN VOLTAGE 
IS AMPLIFIED INTO A MUCH 
LARGER CHANGE 


SYMBOL FOR N-P-N TRANSISTOR P-N-P TRANSISTOR 


EMITTER COLLECTOR EMITTER COLLECTOR 


THE EMITTER IS 
ALWAYS ARROWED 
AND THE ARROW 
POINTS IN THE 
DIRECTION OF 
BASE CONVENTIONAL BASE 
CURRENT FLOW 
(I.E. THE OPPOSITE 
DIRECTION TO THE 
ELECTRON FLOW) 


The n-p-n transistor may be used to amplify voltages. Similarly 
the p-n-p transistor may be used as a voltage amplifier. The use 
of the p-n-p transistor will be described in future articles. 


AN N-P-N VOLTAGE AMPLIFIER 


SMALL VARIATION 
IN SIGNAL VOLTAGE 
IS INCLUDED IN THE SA 
( \ EMITTER CURRENT RESISTANCE 
(THE LOAD 
RESISTANCE) 


IN THE COLLECTOR 
CIRCUIT 


REVERSE BIASSING BATTERY 


FORWARD BIASSING BATTERY 
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ATOMIC CHEMISTRY 


ALLOTROPY 


LTHOUGH diamond and graph- 

ite are so different — the former is a 
very hard precious stone, while the 
latter is soft and black — they are two 
forms of the same element carbon. 
Likewise the element phosphorus 
exists in two solid forms —the very 
reactive, poisonous white form and 
the less reactive, non-poisonous red 
type used to make matches. 

There are other elements, too, 
which exist in more than one solid, 
liquid or gaseous form. Any element 
which does this is said to be allotropic, 
and the different forms are said to be 
allotropes. Allotropy may be defined 
as the existence of an element in two 
or more forms in the same state (solid, 
liquid or gas). The physical proper- 
ties (colour, crystalline form if solid, 
density, etc.) may differ widely, but 
identical chemical compounds can be for- 
med from the various allotropes of the 
one element. 

In the solid state sulphur can exist 
as two different crystalline allotropes 


h 
g units are arranged in di 


— rhombic and monoclinic. At tempera- 
tures below 95°5°C the rhombic form 
is stable, and any needle shaped 
crystals of monoclinic sulphur which 
cool below this temperature will be 
gradually converted into the rhombic 
form. Conversely, the monoclinic form 
is stable between 95°5°C and the 
melting point (119°25°C), and when 
maintained at a temperature in this 
range the rhombic form slowly chan- 
ges into monoclinic. However, if rhom- 
bic sulphur is heated rapidly it will 
melt at 112°8°C to yield an amber 
coloured liquid. Rhombic and mono- 
clinic sulphur are said to be enantzotropic 


allotropes, since one form is stable — 


below a certain definite temperature 
or transition point while the second form 
is stable above this temperature. As 
the names of these two allotropes 
imply, the principal difference bet- 
ween them is in their crystalline 
structures. 

In contrast, graphite is the only 
stable solid allotrope of carbon, and at 
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ur are built up from zig-7ag rings of 
erent ways in 


MONOCLINIC 


Rhombic and Monoclinic 
Sulphur 


These two forms of solid sulphur are 
enantiotropic allotropes, the rhombic 
form being stable below the transition 
temperature (95-5°C). To obtain the 
monoclinic allotrope, some of the 
rhombic type is heated gently in a 
large porcelain crucible until all the 
sulphur is molten. The crucible is then 
set aside to cool. But as soon as a solid 
crust forms on the surface of the 
sulphur, two holes are made in the 
crust and all remaining liquid sulphur 
is poured off. Removal of the crust 
reveals a lining of transparent yellow 
needles of monoclinic sulphur. If left 
standing at room temperature for a 
few days, these crystals become opaque 
and brittle on account of their change 
to the rhombic form. 


MONOCLINIC 
SULPHUR 


Section through a crucible in which 
needle-like crystals of monoclinic sul- 
phur have been obtained by cooling 
molten sulphur. 


all temperatures diamond is very very 
slow in changing into graphite.Any 
such pair of allotropes is said to be 
monotropic if only one form is stable 
over the whole range of temperatures. 
It may, therefore, seem strange that 
diamond shows a greater resistance to 
chemical attack and has a ‘stronger’ 
molecular structure. 

All the differences between the two 
allotropes may be attributed to the 
distinct arrangements of the carbon 
atoms in space. In diamonds each 
carbon atom is linked by valency 


INFLAMMABLE 
THEREFORE 
STORED 
UNDER WATER® — 


White and red phosphorus are mono- 
tropic allotropes — the red phosphorus 
is stable at all temperatures up to its 
melting point. However, at ordinary 
temperatures the conversion of the 
white allotrope into the red form is 
extremely slow. But the standard 
method for preparing phosphorus by 
heating together calcium phosphate, 
silica and coke yields the white form. 
The red allotrope must then be 
obtained from the white. This is done 
by heating the white variety for 
several days at a temperature of 
270°C. Since white phosphorus is 
highly inflammable even at room tem- 


STRUCTURE 
F RED 
PHOSPHORUS 


bonds of equal length to four adjacent 
carbon atoms, so that the diamond 
lattice extends in all three dimensions. 
Graphite has a plate-like structure — 
each carbon atom is linked to three 
more carbon atoms in the one plane 
while the fourth much longer bond 
forms a weak link with an atom in the 
next plane. Thus the valency bonds 
in graphite do not hold the carbon 
atoms together so tightly as they do in 
diamond—compare the result of 
drawing a piece of graphite (pencil 
lead) and diamond across a sheet of 
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If exposed to the air white phosphorus sets itself alight. On account of its great re- 
activity it is stored under water. In contrast, red phosphorus is used in the striking 
surface on the sides of boxes of safety matches. 


Red and White Phosphorus 
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perature, great care has to be taken 
to avoid explosions. The white allo- 
trope is placed in a cast iron or steel 
pot with a close fitting lid which 
incorporates a safety pipe. Air is 
excluded from the pot. After four or 
five days, the temperature of the pot 
is raised to 400°C so that the un- 
changed white allotrope may be distil- 
led off. After cooling, the hard red 
cake left behind is ground under ' 
water and then boiled with caustic { 
soda to remove any residue of the i 
white allotrope. Red phosphorus is | 
j 
| 
| 
, 


finally washed with hot water, filtered 
and dried under vacuum. 


STRUCTURE 
OF WHITE 
PHOSPHORUS 


paper. The hard diamond bites into 
the paper whereas the graphite crystals 
peel off in layers. The structure ac- 
counts also for the higher electrical 
conductivity of graphite. Likewise 
graphite, although comparatively un- 
reactive, takes part in chemical reac- 
tions more readily than diamond. If 
heated sufficiently in air or oxygen, 
both allotropes yield carbon dioxide 
and there is no difference between the 
molecules of this gas formed from the 
two allotropes. 

There is a third type of allotropy, 


known as dynamic allotropy. In this, 
the two forms exist in equilibrium. 
The proportion of the two allotropes 
that are in equilibrium with one 
another varies with temperature and 
sometimes with pressure. The two 
liquid forms of sulphur exhibit this 
type of allotropy, and the change from 
one form to the other is accompanied 
by a change in colour and in viscosity 
(resistance to flow). 

As sulphur is heated above its 
melting point, the amber mobile 
liquid becomes darker in colour and 
much more viscous (thick). The vis- 
cosity reaches a maximum at about 
180°C. Further heating produces a 
much darker, almost black, liquid 
which gradually becomes less viscous 
(flows more easily). 

The two liquid allotropes are called 
a-sulphur and y-sulphur. At tempera- 
tures close to the melting point the 
proportion of %-sulphur is quite high, 
but as the temperatures rise more and 
more of the %-form changes into 
v-sulphur. The molecules of both 
forms contain eight atoms arranged 
in a ring, which ruptures on heating 
to yield chains still containing eight 
atoms. The increase in viscosity at 
180°C is attributed to the interaction 
between these chains. 

Atoms of oxygen can exist in mole- 
cules containing two or three atoms. 
The former (O,) is also called oxygen 
while the latter (O,) is ozone. These 
molecules also exhibit dynamic allo- 
tropy, though it appears that the 
equilibrium is heavily weighted to the 
O, molecule at normal atmospheric 
pressure, i.e. there are many more 
oxygen than ozone molecules in the 
mixture. An increase in pressure 
favours the formation of ozone, since 
this causes a reduction in the number 
of molecules to be accommodated :— 
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oxygen ozone 


Explosive substances are formed 
when (contrary to instructions) grease 
is applied to the valves on cylinders of 
compressed oxygen. It seems likely 
that the explosive compounds are 
ozonides, the ozone having been formed 
as a result of the oxygen being 
compressed. 
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BIOLOGY 


ANY of the plants and animals 

collected as a result of excursions 
to ponds and streams can be kept at 
home in an aquarium. Here they can 
often be studied more easily and pre- 
cisely than in their natural habitat. 

But the use of an aquarium need 
not be restricted to the keeping of 
specimens obtained locally. Many 
colourful tropical fishes can be pur- 
chased very cheaply and they are 
easily looked after. 

The cheapest form of tank is an all 
glass rectangular type (‘accumulator 
jar’). Many special aquaria tanks can 
be purchased, though these are more 
expensive. In choosing one it is essen- 
tial that the surface area is large 
enough to provide sufficient oxygen 
for the occupants. The depth of the 
tank is obviously less important than 
the surface area, for the larger the 
surface area the more air there is in 
contact with the water. Hence more 
oxygen can dissolve in it. The aqu- 
arium should be placed in a position 
away from direct sunlight, because 
sunlight encourages the growth of 
algae on the walls of the tank. 

To make the aquarium as natural 
as possible, the floor should be covered 
first with a layer of coarse gravel and 
then a layer of sharp sand (not the 
builders’ variety). Both should have 
been washed thoroughly beforehand 
to remove any materials that would 
otherwise contaminate the water. 
After the tank has been filled, the 
sand stirred up from the bottom 
should be allowed several days to 
settle. Then plants may be tied to 
stones which are embedded in the 
sand and gravel. Ideal types are 
Canadian Pondweed (Flodea), Arrow- 
head (Sagittaria) (suitable for large 
tanks), Eelgrass ( Vallisneria),and Horn- 
wort (Ceratophyllum). Besides adding 
much to the appearance of the aqua- 
rium, during the daytime the plants 
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by the animal inhabitants and give off 
oxygen, thus replenishing the supply 
available for the animals. They also 
provide food for herbivores such as 
frog tadpoles. 

The plants should be allowed sev- 
eral days to settle in and become 
rooted before any animals are intro- 
duced. It may take some time to 
achieve the correct balance between 
plants and animals, and between the 
different kinds of animals. The aqua- 
rium should not be overstocked with 
animals as this will cause the water to 
cloud over. The plants can produce 
only a certain amount of oxygen; too 
many animals will soon exhaust the 
supply and waste products will accu- 
mulate. It is essential. to avoid having 
too many large and powerful carni- 
vores (e.g. water beetles, dragon fly 
nymphs) as these will consume many 
of the other animals very quickly. 
However a more varied stock of ani- 
mals can be kept by partitioning the 
aquarium into compartments using 
perforated zinc screens. 

Useful creatures to introduce first 
are water snails. They keep down the 
growth of algae on the glass sides of 
the tank, rasping it away with their 
file-like tongues. Water fleas are easy 
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An aquarium containing tropical fish. 


THE AQUARIUM 


to obtain from ponds and they provide 
food for carnivores such as beetles, 
small fishes and water bugs. Small 
newts and several kinds of insect 
larvae (e.g. mayfly and caddis) may 
also be included. Some fish such as 
minnows require large quantities of 
oxygen and an aerating device such 
as a pump should be fitted. 

In order to keep tropical fish the 
water in the aquarium must be heated. 
A temperature of about 70°F (21°C) 
is usual. Heaters — elements enclosed 
in a glass tube and fitted with a 
thermostat — are easily obtained and 
cost little to run. As even a tempera- 
ture as possible should be maintained 
and the fish should not be overfed, for 
uneaten food decays very rapidly in 
warm water and will soon cause 
fouling. 

It is very difficult to maintain an 
adequate population of water fleas 
(Daphnia) for the fish soon consume 
them. 

Live Daphnia can be purchased, 
however, along with beetle larvae, 
chopped-up worms and various mag- 
gots. These make suitable ‘live’ food. 
Dried Daphnia, prepared foods, bread- 
crumbs and ant pupae are also suit- 
able. 


Many exciting incidents can be observed in 
mn aquarium — as ss — of a pair 
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FAMOUS SCIENTISTS 


HE discovery of penicillin and its 

subsequent development will al- 
ways be among the most outstanding 
advances ever made in medicine, yet 
the original discovery stems from an 
accident —a chance happening in a 
London laboratory. 

In 1928 Professor (later Sir) Alex- 
ander Fleming was working at St. 
Mary’s Hospital on problems associa- 
ted with disease-causing bacteria. One 
day, when inspecting cultures of Sta- 
phylococcus that he had grown on agar 
(a jelly-like material), he noticed a 
green mould growing in one of the 
dishes. In the normal course of events 
such a contaminated dish would have 
been thrown out, but Fleming ex- 
amined it more closely and made a 
very important discovery. In the 
neighbourhood of the mould there 
were no thriving colonies of bacteria. 
Fleming reasoned that the mould 
(later identified as Penicillium notatum) 


FLEMING and his 
Discovery of Penicillin 


was producing a substance able to kill 
bacteria, and that it could be im- 
portant in the medical field. After 
photographing the dish, he removed 
some of the mould and began to 
experiment. 

When he grew it ina liquid medium, 
Fleming found that the liquid he 
could filter off was active against a 


Sir Howard Florey and (right) Dr. Ernst 
Chain who shared a Nobel Prize with 


Fleming for work on Penicillin. 


number of bacteria, including those 
responsible for boils, pneumonia and 
meningitis. This crude liquid Fleming 
called ‘penicillin’. 

Although he was successful in treat- 
ing many wounds with such a liquid, 
he realised that for large-scale use it 
would need to be purified and concen- 
trated. Early attempts to do this failed 


This reproduction of Fleming’s original pic- 
ture shows the dying bacterial colonies in the 
region of the green Penicillium mould. 


ir Alexander Fleming adding culture 
quid to petri dishes in preparation for 
gwing Penicillium. 


because, although the liquid was 
stable at low temperatures, it broke 
down during the treatments used. In 
1932 the work was abandoned. 

In 1939, at Oxford University, Prof. 
Howard Florey and a team of chemists 
headed by Dr. Ernst Chain again took 
up the problem. They succeeded in 
obtaining first a watery solution, and 
then a dry yellow powder, both many 
more times more powerful than Flem- 
ing’s original culture liquid. Although 
it is now known that the powder con- 
tained about 99% impurity, encourag- 
ing experimental results were obtained 
with it. The results were good enough 
to justify commercial production. Be- 
cause of the Second World War, 
resources were not available in Britain 
and, as a result of Florey’s visit to 
America, the first large-scale produc- 
tion was in the United States. 

Penicillin saved many lives during 
the later stages of the war and since 
1946 it has been generally available 
as a valuable aid in combatting 
disease. Over the years great progress 
has been made in the production of 
penicillin and now an extremely pure 
form can be produced. It is active 
against species of bacteria at doses as 
low as one part in 60 million parts of 
solution. For their work with anti- 
biotics, and with penicillin in. particu- 
lar, Fleming, Florey and Chain shared 
the 1945 Nobel Prize for Medicine. 
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OPTICS 


MICROSCOPE 
EYE PIECE 


Ue Surfaces 


EYEPIECE N optics, the word ‘fringe’ invariably 

Diagram of the refers to interference fringes. This is the 

optical system of name given to the patterns of light 

the microscope. and shade produced when the waves 


forming one beam of light interfere 
with the waves forming another beam 


of light. 

a Waves are successions of crests and 
PATH OF LIGHT. troughs. When the crest of one beam 

* ——— THROUGH THE ars P 5s 
MICROSCOPE coincides with the crest of another, 
f the strength of the beam is increased 
Ree : at this particular point. However, 
| ee when crest coincides with trough, the 


SEMI- © . « y ‘ 

ReneChis | two beams virtually annihilate each 

= -+H- {HE - - other. Where crest coincides with 
i crest on a screen, it produces a bright 


} spot of light. Where crest coincides 


Ls eee with trough, there is darkness. 
‘oie In many industries it is necessary to 
: OBJECTIVE examine surfaces for minute irregu- 
COMPARATOR larities. For instance, the surfaces of 
do ball-bearings and piston rings should 


SURFACE UNDER 
INSPECTION 


be as flat as possible, and the edges of 
cutting tools should be perfectly sharp 
and straight. Interference fringes form 
the basis of methods of accurate in- 
spection of surfaces. The surface-finish 
microscope is an instrument in which 
interference fringes are produced and 
used to inspect surfaces. With it, 
bumps in the surface of less than a 
millionth of an inch can be detected 
and measured. 


*- MERCURY VAPOUR LAMP 


MICROSCOPE 
OBJECTIVE 


The operator looks through the 


TINY COMPARATOR 


PLATE Pe 7 eras ¥ 
microscope eyepiece, and adjusts it Re : . 
: ore, : hap ; To produce visible interference 
SURFACE until he sees the interference fringes. fej he fj hi une: 
INSPECTION The microscope will then be focused PRESS, SEE atee ie Decors 


on the surface of the comparator single source of light and a means of 
plate (where the reflected beams 

meet and interfere). The distance 

between fringes is measured, and Constructive Interference 


this enables the operator to gauge 
ieweRtent of any defect. IAG a eae 2 NLT 
ee 


If two light waves meet and are in step 
(in phase), they reinforce each other or 
interfere constructively. 


Destructive Interference 


Piura ey OC 
tt 


> PIT 


BYRe Sete Se 


The two waves are half a light wave- 


) * 


SCREWS WHICH 


Meanie. BASE (AND length out of step. Crest cancels out 
INSPECTION) trough. The waves interfere destruct- 


HORIZONTALLY . 
ively. 


ee 
nmsaenienenen 


splitting it into two (or more) parts. 

In the surface-finish microscope the 
single source of light is a mercury- 
vapour lamp. The light is passed 
through a colour filter, which re- 
moves all but one of the wave-lengths 
of light emitted by the lamp. The light, 
which is now monochromatic (1.e. of 
one colour) eventually strikes the sur- 
face under inspection. However, fixed 
above the flat surface is a small plate 
of specially coated glass, a comparator 
plate. 

Only about half the light from the 
source reaches the metal surface. 
Half of the light is reflected at the 
lower surface of the comparator plate. 
Light reflected at this surface and 
light reflected at the inspected sur- 
face form the beams which are to give 
the interference patterns. By travelling 
the extra distance from the compara- 
tor plate and back, the waves of one 
beam have become out of step with 
the waves of the other beam. The 
crests in one beam do not necessarily 
coincide with the crests in the other 
beam. 

If the waves are half a wave- 
length out of step by the time they 
recombine at the comparator plate, 
crest cancels out trough, and makes a 
dark spot. 

The amount by which the beams 
are out of step depends on the extra 
distance they have travelled between 


Part of the light from the mercury vapour lamp is reflected by the 
comparator plate, and part by the metal surface under inspection. 
The two parts interfere when they recombine at the comparator 
plate. The diagram on the left shows the interference pattern 


produced by two absolutely flat surfaces. 


Using the surface finish microscope to 
examine a cylindrical surface (left) and 
(right) to check that the ends of a long 
metal bar are flat. 


the two surfaces. All the beams which 
have travelled the same extra distance 
will be the same amount out of step. 
This means that all the beams which 
are half a wavelength out of step form 
a dark line, or dark fringe. If both 
plates are absolutely flat, and inclined 
at a small angle to each other, the 
fringe is a straight dark line. 

The same happens if the waves are 
15, 24 (and so on) wavelengths out of 


other light wave. 


step. All the fringes are parallel to each 
other. 

The bright fringe in between the 
dark fringes marks the place where 
the two beams have reinforced each 
other. The first bright fringe occurs 
when the two beams are one wave- 
length out of step. This fringe les 
between the dark fringes for beams 4+ 
a wavelength and 14 wavelengths out 
of step. Similar bright fringes will be 
formed when the waves are whole 
numbers of wave-lengths out of step. 

A consideration of the geometry of 
the problem shows that the fringes are 
all parallel to the line where the 
planes of the two plates (i.e. the plane 
of the comparator plate and the 
plane of the surface) meet. 

In general the fringes are very 
closely spaced. They need to be viewed 
with the microscope. 

A fringe is like a contour line on a 
map. It is a line joining all points 
where the distance between lower 
surface of the comparator plate and 
the metal surface under inspection is 
the same. So if there is a slight bump 
on the metal surface, the contour lines 
are distorted. The amount of distor- 
tion can be measured, and the height 
of the bump can be determined. 

There are many variations of this 
method which enable all shapes of 
surface — curved, cylindrical or spheri- 
cal — to be examined. 


A scratch in the surface distorts the interference fringes. Each 
fringe joins points where the distance between the surfaces is the 
same. At each point along a dark fringe, the extra distance 
travelled by one wave has made it half a wave out of step with the 
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BIOLOGY 


to sew leaves 


x arvae. 


LTHOUGH many insects (gnats, 
aphids, etc) occur in swarms, truly 
social insects, in which there is co- 
operation between individuals, are 
found in only two of the twenty-nine 
recognised orders. These two are the 
Isoptera (termites) and the Hymenoptera 
(bees, wasps and ants). Although the 
termites are often called ‘white ants’, 
the two groups are not even closely 
related. Termites are primitive insects 
more closely related to the cock- 
roaches, while the Hymenopterans 
are some of the most advanced insects. 
Possible stages through which the 
/ social bees and wasps may have passed 
can be seen by studying the solitary 
and sub-social species. Ants, however, 
are all social in habit and, partly for 
this reason, are considered to be more 
highly advanced than the other 
> groups. Unlike the colonies of wasps 
M\and many bees, that perish each 
SAutumn, leaving only the mated 
jueens, the ant community is peren- 
ial. Individual ants may live for 
gseveral years. 

There are, throughout the world, 
a great many species of ant of widely 
differing habits. The typical ant is 
wingless and has a very narrow ‘waist’. 
The feelers (antennae) are permanently 


The Wood Ant 
queen (top), male 
(top right), mated 

; a (now 

swollen with eggs) 


Weaver ants preparing 


wv together with silk 
<= roduced by the 


THE ANT COLONY 


bent. These features will normally distinguish ants from 
other insects. 

Nest-building habits are very varied, in fact some 
species do not build permanent nests at all. The ‘driver’ 
ants of the tropics live in nomadic colonies that roam 
around continually searching for living and dead animal 
food. They may temporarily inhabit hollow logs and the 
like but are soon ‘on the march’ again. Many ants make 
their nests in the ground. The soil removed in the excava- 
tion of chambers and galleries may or may not be heaped 
up into a mound. Some species (for example the Wood 
Ant) make ‘hill nests’ — excavated soil is heaped up with 
leaves and other material and the heap itself is full of 
run-ways and chambers. Other nests are made under logs 
and stones, in tree stumps, or even among leaves fastened 
together with silk. The inhabitants of such nests may vary 
in number from a few dozen to several hundred thousand 
in a large wood ant nest. In no cases are there any elaborate 
brood combs such as are found in bees’ nests. 

It is interesting to note that among the ants there are 
‘hunting’, ‘herding’ and ‘agricultural’ species. This paral- 
lels the development of human cultures especially as the 
most primitive ants are the hunters, (i.e. the ‘driver’ ants 
and their relatives). Many ants obtain ‘honey-dew’ from 
aphids (green fly) by stroking them. Some ant species even 
keep the aphids in the nest. These ants may be regarded as 
being ‘herders’. A number of species collect plant food and 
store it but a group of ants known as the Aétin actually 
cultivate their food. They feed upon certain types of 
fungus which they grow in the nest. A number of chambers 
are set aside for this purpose and floored with leaf-frag- 
ments and ant droppings. The fungus grows readily on 


this material and produces numerous swellings which are 
harvested by the ants. When a queen ant forms a new 
colony she carries some of the fungus with her in a pouch 
in her mouth. 

The black Garden Ant, Lasius niger, shows, in its life- 
history and colony formation, the typical features of ant 
life. It normally nests in the soil, making small mounds. 
During the summer, winged male and female ants are 
produced. As a result of some climatic condition, usually 
affecting colonies over a wide area, all these winged ants 
emerge in a short space of time. This phenomenon is the 
‘nuptial fight? during which pairing occurs. After this the 
male ants usually perish but the mated females (queens) 
begin their duties as nest-founders. First, they break off 
their wings and then they find or make small holes in 
which to rest for up to several months. During this time the 
eggs develop, nourished by material drawn from the now 
useless wing muscles. 

When the first eggs hatch, the larvae are fed on saliva by 
their mother. They develop into wingless workers and begin 
immediately to work on the nest. The queen then devotes 
herself entirely to egg-laying. She is fed by the workers 
throughout the rest of her life, which may be fifteen years 
or more in some species of ant. 

Worker ants make up the bulk of the colony. ‘They are 
all females and differ from the queens in having no wings 
and only poorly developed sexual structures. In some ant 
species there are various types of worker. Those with 
large heads and powerful jaws are called ‘soldiers’. They 
guard the colony and attack invading ants and other 
insects. Other workers collect food, and look after the 
young. 

The eggs, larvae and pupae are kept in separate cham- 
bers of the nest and are carefully looked after. The larvae 
are not only fed but are also ‘washed’ by the workers. 


Communication between 
members is important for 
the well-being of the ant 
community. Two workers 
here communicate by 
rubbing their feelers 
together. 


os 


— 


“~ 


saliva exuded by the larvae. 

Mated queens do not always found 
a new colony. They sometimes return 
to the old nest or to another established 
colony, which then has one or more 
queens. This is the normal case in the 
Wood Ant, Formica rufa. New colonies 
are founded by periodic swarming — a 
queen and a group of workers leave 
the nest to start up elsewhere. 

A great many other animals are 
found in ant colonies. Some of them 
are hospitably received and tended by 
the ants because they produce sweet 
liquids that are attractive to the ants. 
Various beetle larvae. are in_ this 
category. The caterpillars of the Large 
Blue Butterfly are actually sought by 
the ants and carried to the nest where 
they complete their development, ten- 
ded by the ants. 

More numerous are the scavenging 
insects that are merely tolerated in 
the ant nest. Then there are various 
parasites and predators that attack 
the community. These include beetles 
and mites, and ichneumon flies. The 
latter are related to bees and wasps 
and lay their eggs actually inside the 
bodies of the young ants, which are 
then destroyed by the growing ichneu- 
mon larvae. 


The latter eagerly consume drops of 


ne 5 a . 
Male, queen{ | 


worker and 
soldier of a 
harvesting ant. 


Ants ‘milking’ : 
greenfly for the 


sweet honey- 
: dew secretion. 


ATOMIC CHEMISTRY 


Heat from Chemical Reactions 


S a result of burning hydrogen in an 


oxy-hydrogen blowpipe a lot of 


heat is generated, sufficient to soften 
steel when it is being welded. The heat 
is released by the chemical reaction in 
which hydrogen combines with oxy- 
gen to yield water or, to be more 


precise, steam. There are a number of 


other chemical reactions by which 
large quantities of heat are set free, but 
it is not generally realized that when- 
ever a new substance is formed as a 
consequence of a chemical change, a 
certain definite amount of heat is 
either set free or absorbed. 

Reactions, like that in which steam 


is formed from the combustion of 


hydrogen in ‘oxygen, are said to be 
exothermic, because heat is given out as 
the two elements combine. But heat is 
absorbed when carbon disulphide is 
formed by passing sulphur vapour 
over red hot charcoal (carbon). Sucha 


Carbon disulphide is manufactured by pass- 
ing sulphur vapour over hot charcoal. The 
reaction is endothermic, and the heat 
absorbed in bringing about the chemical 
change has to be restored. This is done by 
heating the furnace, with hot gases. 
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reaction in which heat has to be 
supplied to the reactants is said to be 
endothermic. 

In these two reactions, compounds 
have been formed from their con- 
stituent elements. The heat change 
which accompanies such chemical 
reactions is called the heat of formation 
of the compound. By definition, this is 
the quantity of heat liberated or 
absorbed when one gram-molecule is 
formed from its elements. The various 


Heat is set free -when concentrated sul- 
phuric acid is added to water—it has a 
positive heat of solution. Potassium di- 
chromate has a negative heat of solution. 
The water is cooled as the crystals dissolve. 


heats of reaction are generally mea- 
sured in kilogram-calories (usually 
abbreviated to Cals with a capital C). 
If a reaction is exothermic, this is indi- 
cated by writing an addition sign in 
front of the numerical value for the 
heat of reaction, while an endothermic 
reaction is denoted by a minus sign. 
Not many compounds can_ be 
formed directly from their elements, 
but it is still possible to determine a 
theoretical value for the heats of for- 


mation of all those compounds which 
cannot be obtained directly from their 
clements. To do this, use is made of a 
law discovered in 1840 by a Swiss 
chemist, Germain Henri Hess. He 
found that the total amount of heat 
absorbed or set free in making a com- 
pound was constant, irrespective of 
the number of separate steps in making 
Ne 

For instance, sulphur trioxide can 
be made in two stages from its ele- 
ments, sulphur and oxygen. In the 
first stage, sulphur is burned in oxygen 
and sulphur dioxide is obtained: - 


Ss + QO, = SO,” + 70-9 Cals 
sulphur oxygen sulphur 
dioxide 


In the second reaction sulphur 
dioxide is oxidized to sulphur trioxide 
in the presence of a catalyst such as 
platinum grains deposited on a pad of 
asbestos wool. 


SO, + 70; |= “SO, +°34-2'Cals 
sulphur oxygen sulphur 
dioxide trioxide 


(In equations such as this, in which 
the heat liberated in making one gram- 
molecule of a compound is shown, it is 
permissible to have fractions of a mole- 
cule of the reactant). By adding these 
two equations together, an equation 
for the theoretical preparation of sul- 
phur trioxide from its elements is 
obtained: 


S + iO, = SO, + 105-1 Cals 
sulphur oxygen sulphur 
trioxide 


Information concerning the heat 
generated or absorbed by various 
chemical reactions is of vital import- 
ance to the chemical engineer when he 
is designing chemical plant. In order 
that the output of a reaction be main- 
tained, the temperature inside it must 
be kept constant. To achieve this, any 
excess heat given out by an exothermic 
reaction must be taken away from the 
reaction vessel, while the heat supplied 


Heat of 
Formation of Acetylene 


A theoretical value for the heat of 
formation of an inflammable substance 
like acetylene may be found by applying 
Hess’s Law. In this instance the heat of 
combustion of the compound is found 
and this is compared with the heat 
liberated when the same quantities. of 
the combustion products are formed 
from their elements. 

When one gram-molecule of acety- 
lene is burnt completely to yield 
carbon dioxide and steam 300-0 Cals 
are set free. The reaction may be 
written :— 

C,H, + iO, =2CO,+H,O (vapour) +300-0 Cals 


acetylene oxygen carbon steam 
dioxide 


The corresponding quantities of car- 
bon dioxide and steam may be obtained 
from their elements according to the 
following equations :— 


aC + 20, = 2CO, + _ 188-1 Cals 
graphite oxygen carbon 
dioxide 

H, + iO, = H,O (vapour) + 57-8 Cals 
hydrogen oxygen steam 


Adding these two equations 


2C = H, + io, = 
graphite hydrogen oxygen 
2CO, + H,O (vapour) + 245-9 Cals 
carbon steam 
dioxide 


More heat is produced from burning 
acetylene than from burning equivalent 
quantities of graphite and hydrogen. 
Thus, the heat of formation of acetylene 
is: 245-9 — 300-0 = — 54-1 Cals. 
The negative sign indicates that the 
theoretical reaction by which acetylene 
is made from its elements is endo- 
thermic. 


to keep an endothermic reaction going 
must be replaced from outside. 

When a vapour condenses, heat (its 
latent heat) is transferred to the surface 
on which the liquid droplets are 
deposited. Heat is also set free when a 
liquid solidifies. On account of this, 
the total amount of heat set free or 
absorbed when a compound is formed 
depends on the physical state (solid, 
liquid or gas) of the product. It is, 
therefore, necessary to specify this 
when quoting a heat of reaction. Thus 
in the example quoted above :— 


Ss + iO, = 94-4 Cals 
Ss + i0, 105-1 Cals 


SO,(vapour) + 
SO, (solid) + 


Likewise, when hydrogen burns in 
oxygen, steam is formed :— 


H, + iO, = H,O (vapour) +. 57-8 Cals 


but if the steam is allowed to con- 
dense :— 


H,O (liquid) + 68-3 Cals 


The difference between these two 
values for the heat of formation of 


“A lot of heat is set fre 


e when hydrogen and 
blowpipe. This is an exothermic reaction. 


oxygen combine in the flame of an oxyhydrogen 


2H, + O, = 2H,O + HEAT 


a 
> 


MOLECULE 
OF OXYGEN 


TWO MOLECULES 
OF HYDROGEN 


water (or steam) is equivalent to the 
latent heat of vaporization of water. 
To be quite precise, the temperature 
and pressure (if any of the substances 
are gases) should also be recorded. 
One does not normally regard the 
process of making a-solution as a 
chemical reaction, but there are quite 
definite changes of heat associated 
with it. The heat liberated or absorbed 
when one gram-molecule of the sub- 
stance dissolves in a very large amount of 
water, is called the heat of solution of the 


TWO MOLECULES 
OF WATER 


substance. Sulphuric acid is a par- 
ticularly good example of a substance 
which liberates a large quantity of 
heat (20 Cals per gram-molecule, in 
fact) when it dissolves in water; 
sodium hydroxide is another substance 
which liberates heat (10-2 Cals per 
gram-molecule) when it dissolves. 
Other substances, however, absorb 
heat when they dissolve. For example, 
one gram-molecule of potassium di- 
chromate absorbs 17-8 Cals when it 
dissolves in a large volume of water. 
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| APPLIED SCIENCE | 


BREWING BEER 


EER is not a recently discovered 

drink. There is evidence that it was 
made by the ancient Greeks and 
Romans and may even date back to 
before their time. 

Although the machinery in a large 
brewery is quite complicated, the 
actual processes involved in_ beer 


making are very simple indeed and 
for small scale manufacture no com- 
plicated machinery is needed. 

By law, beer must contain over 1°% 


alcohol (be over 2%) 
There is n upper limi 
content. Va 
i de by fermenting sugars 
barley. Hops are used 


lly used, 


ne barley) and a 
fermenting purposes. 
of barley are small seeds 
ey which Pupng their ripening period 
Z up a store of insoluble 
rates (starches) and proteins. 
ese are protected by husks of 

he grains are planted 
e germinating plant 
starch and protein store 
supply. But it cannot use 
their insoluble form. First 


st broken down into 
ugars. Before the seeds begin 
they absorb water and swell. 


ical substances called enzymes 


then bring about the conversion to 
sugars. 

Starch cannot be fermented; sugars 
can. Consequently, before the barley 
can be fermented, its carbohydrate 
must be changed to sugar. 

The barley is malted. This is done in 
the maltings (malt house) somewhere 
near the barley fields. Here, the 


barley is allowed to germinate and 
then the germination is stopped before 
the young plant can use up too much 


Grist (cracked malt grains) entering the 


~ mash tun, a vessel in which hot water is 


used to extract the sugars from the grist. 


of the newly formed sugar. First of all, 
the hard grains of barley are piled ina 
heap, soaked with water and left to 


GLUCOSE 


germinate. Then, when small rootlets 
start to sprout, the barley is spread 
over the malting floor, and growth is 
encouraged with warmth and water. 
After a few days the rate of growth is 
slowed down by spreading the grain 
more thinly over the maltings floor. 
When the rootlets have reached the 
length of # inch, further growth is 
completely stopped by drying and 


MASH) TUN 


HOP BACK 


cooking the grain in a malt kiln. 

The growing grain is spread over 
the perforated floor of the kiln and 
cooked by hot air rising through the 
floor from the smokeless anthracite 
fires which have been lit below. Malt 
for pale ale is only lightly kilned. For 
the darker, richer flavoured mild ales 
and stouts, the grain is kilned at 
higher temperatures. For other special 
types of beer, wood fires or gas ovens 
may be used. The colour and flavour 
of the beer depend very much on the 
way the malt has been made. 

Although by looking at them it is 
not possible to tell the difference be- 
tween an uncooked barley grain and 


CARBON DIOXIDE 


ETHYL 
ALCOHOL 


ETHYL 
ALCOHOL 


a malted grain, chewing a grain soon 
distinguishes between them. The bar- 
ley is hard and tough because it is 
made of hard insoluble substances, 
but the malt is sweet and crunchy 
because of its sugar content. 

The dried-up rootlets on the malt 
are only a hindrance to the brewer, 
but are rich in valuable nitrogen. 
They are removed by sieving the malt 


and are used to make poultry and 
cattle foods. The malt is put into 
storage ready for use. From the malt 
in store the brewer chooses several 
types of malt and blends them to- 
gether to make beer of the required 
flavour and colour. 

Before it can be fermented, the 
sugar contained in the malt grains 
must be put into solution. So that the 
sugar can be removed, the cellulose 
‘wrapper on the malt grain is split and 
cracked. The malt is coarsely crushed 
by steel rollers at the mill so that the 
grains are cracked, but not converted 
to a flour. Crushed malt is known as 
grist. 

Hot water is poured over the grist 
in a_ bright copper-domed vessel 
known as a mash tun. The process of 
getting the sugars into solution is 
known as mashing. After the first infu- 
sion with water, more hot water is 
poured through to make weaker infu- 
sions and extract the last of the sugars. 
Incidentally, ‘water’ is an unmen- 
tionable word in the brewing trade. 
It is always referred to as ‘liquor’. 

The mash tun has a slotted bottom 
so that liquids can pass through but 
the husks can not. Contact with water 
brings the enzymes that were active 
in the germinating plant back into 
action again. Remaining solids are 
broken down by the enzyme so that 
they can pass into solution. 

The sugary malt extract is known 
as wort. Apart from sugars, wort also 
contains some substances intermediate 


TANKER 


BOTTLING HALL) — 


sommes } PACKING 
“tte & 
ee: 


a te 


between starch and sugar. The pro- 
portion of these depends on the 
temperature of the liquor used in the 
mash tun. These intermediates cannot 
be fermented but add to the flavour of 
the beer. 

The wort passes on to a steam 
heated wort copper where it -is boiled. 
Extra sugar, often in syrup form, and 
hops are added at this stage. (Hops 
are the dried flowers of the female hop 
plant). The boiling sterilizes the wort 
and destroys the enzymes, preventing 
them from further action. During the 
2-hours boiling, bitter resins are ex- 
tracted from the hops. Remaining 
proteins coagulate. The boiled wort 
is filtered free of hops and coagulated 
proteins, then cooled by passing it 
through a refrigerator on its way to the 
fermenting vessel. 

Before fermentation, the wort is 
assessed for duty. Its volume is 
measured and specific gravity (rela- 
tive density) is found. The ‘heavier’ 
the liquid, the higher the sugar con- 
tent. Wort with a high specific gravity 
will produce a highly alcoholic beer. 
(Assessment for duty has not always 
been as scientific as it is now. In the 
early 17th century, the gauger tasted 
the beer and then, wearing leather 
trousers, sat in a puddle of it for 30 
minutes. If he stuck to the seat, the 
beer was taxed at 2 shillings a barrel 
and if he did not, only 6d. was 
charged). 

Fermentation takes place in wooden 
vats. Some yeast from a _ previous 


fermentation is poured into the wort. 
Yeast is a minute organism which gets 
its energy for growth by converting 
sugars into alcohol and carbon dioxide 
gas. In most breweries the carbon 
dioxide goes to waste, but in some, it 
is bottled and used to make fizzy 
drinks. Heat is given off by the 


reaction. Because of this heat, the 
fermenting vat is constantly cooled. 


Putting hops in the copper. Here, wort (malt 
extract) is boiled with hops and sugar. 


Fermentation vat. Yeast converts the suga 
in the boiled wort into alcohol. Sw, 
The yeast multiplies vigorou 
after 3 days stands in @ 
four feet high. The best*yea 
off at the height of the tio) 

and used to make th bateh/o 

beer. Remaining yeast is sat) 
yeast extracts and cattle foods. K f 

The beer is allowed tocclari 

several days before being*st6red 
large tanks. Sometimes a little/s 
is added to give the beer @¢ 
More hops may be added at' this: 
too. The beer is further. 
(sometimes by filtering 
tling. 


tive dee and will enter the hollow of 
the negative dee. 

The magnetic field deflects the ions 
in a small semi-circle until they re- 
enter the space of a few inches between 
the dees, travelling towards the oppo- 
site dee. 

The alternating voltage supply has 
now put a negative voltage on the 
second dee, and a positive voltage on 
the first dee, so the ions are accelerated 
towards the second dee, which they 
enter and again are deflected to follow 
a semi-circular path. The ions are 
moving at a greater speed on this 
second semi-circle and so describe a 
semi-circular path of slightly larger 
radius inside the dee. 

Again they emerge to find a nega- 
tive voltage on the other dee and they 
are accelerated again. This process is 
repeated with the ions travelling at 
higher and higher speeds until they 
reach the outer circle of the dees. They 
are then deflected by a separate small 
electrode carrying a negative voltage 
and travel down a straight sealed pipe 
to hit the target material. 

The alternating voltage on the dees 
changes at a constant rate just as in 
the linear accelerator. All the ions, 
whatever their speed, take the same 
length of time to travel the semi- 
circular path in the dee, for the fast 
ions travel a longer path than the 
slower ones. 

The dees are constructed inside a 
sealed chamber which is set between 
the poles of the electro-magnet. This 
chamber and the pipe down which 
the fast ions leave the cyclotron are 
pumped free of air. The poles of the 


A charged particle travelling at right 


angles to a magnetic force is deflected 
into a circular path. 


ORBITS OF 
DIFFERENT 
RADII 
DIFFERENT 
SPEEDS 


Similarly charged particles travelling at 
different speeds in the same region of 
magnetic force all take the same time 
to describe a circle. 


electro-magnet are between 30 inches 
and 60 inches in diameter. 

To provide the source of ions, a gas 
discharge is often used. The atoms in 
the gas lose their electrons to become 
positively charged ions. If protons are 
to be accelerated, the gas in this zon 
source is hydrogen. Heavy hydrogen (or 
deuterium) is ionized to produce 
deuterons, and helium provides alpha- 
particles, all of which can be accelerated 
by the cyclotron. 

The ion source is often in a separate 
container with a hole below the level 
of the dees and at the centre. The ions 
are urged into the space between the 
dees because of the difference in pres- 
sure between the gas in the tube and 
the space between the dees (which is at 
an even lower pressure). 

Protons leaving a cyclotron with 
magnet poles of 60 inches diameter are 


travelling at well over 20,000 miles per 
second. 

The cyclotron is used to change the 
number of particles in the nucleus of 
the atoms which make up the target 
material. This bombardment by ions 
sometimes results in the breaking up 
(or disintegration) of the nucleus into two 
smaller nuclei (which therefore pro- 
duces two new atoms). Or it may adda 
particle to the nucleus. to form a new 
atom. Such experiments provide in- 
formation abaut the properties of the 
atomic nucleus which is of great value 


An atom has a central nucleus con- 
taining positively charged protons and 
neutral neutrons. In orbits around this 
nucleus travel negatively charged elec- 
trons in such numbers as to make the 
atom have no overall charge. 

An ion is an electrically charged 
atom; thus a positive ion is an atom 
with one or more electrons missing. 

The hydrogen atom is a proton 
orbited by an electron. A hydrogen ion 
is a proton. 
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THE HYDROGEN ATOM 


to the scientist. The second method, of 
adding particles to the nucleus, is used 
to produce artificial radio-active 
atoms, and also to produce atoms of 
new elements which do not exist in 
Nature. 
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, Yes SOURCE 
A cross-section of the cyclotron. An ion 
leaves the ion source and performs a suc- 


cession of circular paths of increasing 
radii in the dees. 


everett 


A modern cyclotron, showing the side of 
the machine into which the alternating 
voltage supply is fed. 
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Atom Smashing Machines 


THE CYCLOTRON 


HE nuclei of atoms contain neu- 
trons and protons tightly bound 
together. The protons each carry a 
single positive charge, and as result of 
these charges, an intense electric field 
is set up around the nucleus of an 


atom. 


ated through the centres of a set of 
hollow electrodes arranged in a 
straight line, using a very high fre- 
quency alternating voltage. Alternate 
electrodes were connected together 
and one set of electrodes connected to 
one output terminal of an electrical 


Much information about the 
nucleus has been gained by bom- 
barding nuclei of atoms with charged 
atomic particles such as protons (posi- 
tively charged hydrogen nuclei). For 
such a particle to reach the nucleus it 
has to overcome the tremendously 
powerful forces of repulsion between 
the nucleus and the particle (because 
the like charges repel each other very 
strongly). For this reason, the particles 
have to be accelerated to very high 
speeds, and this is done by using high 
energy particle accelerators. 

In 1932, the British Scientists J. D. 
Cockcroft and E. T. S. Walton were 
able to accelerate protons to very high 
speeds'‘and obtain the disintegration of 
lithium nuclei by bombardment. They 
did this by accelerating the protons in 
a tube, to which they applied a direct 
voltage of several hundred thousand 
volts. 

The next kind of machine developed 
was the linear accelerator. In this 
machine, the particles were acceler- 
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oscillator, and the second set to the 
second terminal of the oscillator. By 
altering the frequency of the oscillator 
output it was ensured that a positive 
ion would be in an accelerating field 
whilst in the gap between the elec- 
trodes, but would be inside an elec- 
trode (and therefore shielded from the 
field) when the field was reversed. ‘The 


(1) PARTICLE ACCELERATED 
BETWEEN DEES 


(3) VOLTAGE ON DEES 
EVERSED 


Gg 


— 


(2) PARTICLE ENTERS (4) PARTICLE 

DEE, IS SHIELDED FROM ACCELERATED INTO 

ELECTRIC FIELD SECOND DEE 
Acceleration of a charged particle be- 
tween the two dees of a cyclotron is 
brought about by reversal of the voltages 
on the dees. 


ion therefore picked up speed in a 
number of consecutive stages when 
passing from one electrode to the next. 

In the linear accelerator, high speeds 
could be attained with comparatively 
low voltages, but such machines had 
the disadvantage of needing to be of 
great length to obtain high speeds. 

This difficulty of length was over- 
come, in the early 1930s, by the 
American physicist E. O. Lawrence 
when he devised the cyclotron. 

If a charged particle is accelerated 
in an electric field, and a magnetic 
field is set up at right angles to the 
electric field, the particle will move in 
a circular path. Furthermore, the time 
taken for a particle to describe a com- 
plete circle is always the same for given 
strength of electric and magnetic 
fields. 

In the cyclotron there are two semi- 
circular hollow metal electrodes (nor- 
mally made of copper), which are 
generally called dees because their 
shapes resemble the letter D. The dees 
are placed between the poles of a large 
electro-magnet with poles perhaps 5 
feet in diameter so that there is a 
strong magnetic field at right angles 
to the flat faces of the dees. A voltage of 
a few thousand volts, alternating 
several millions of times per second, is 
applied between the two metal dees. At 
any instant, one dee is positive and the 
other negative, but a short time later 
the polarities are reversed. 

Suppose that at a certain moment 
there are some positively charged ions 
at the centre between the dees. These 
ions will be accelerated towards the 
negative dee and away from the posi- 


The dees of the cyclotron. The charged 
particles spiral outwards from the centre 
of the dees as they gain speed due to the 
voltage difference between the dees. The 
particles are deflected by a negative vol- 
tage on an electrode and leave the dees to 
hit the target placed outside the cyclo- 
tron. Above and below the dees are the 
circular pole faces (slightly larger than the 
dees) of the cyclotron electromagnet. 
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MICRONUCLEUS MEGANUCLEUS 
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Paramecium has two nuclei, a large 
meganucleus and a small micronucleus. 
When two paramecia come together 
(each is termed a conjugant) the mega- 
nucleus of each disintegrates and each 
micronucleus divides twice forming 
four micronuclei. Three disintegrate 
whilst the fourth divides into two. One 
of each pair of nuclei so produced then 
moves from the one conjugant into the 
other, fusing with the other member of 
the pair to form what is called a 
zygotic nucleus. The conjugants then 
separate and by a series of divisions of 
nucleus and protoplasm several new 
individuals are produced from each 
exconjugant. The number varies with 
different species of Paramecium. In 
P. caudatum eight new individuals are 
produced from each pair of ex- 
conjugants. 


f daughter 
paramecia 


ay J 


Paramecium also reproduces by binary 
fission, both micro- and mega-nucleus 
dividing into two, followed by a split- 
ting of the cytoplasm. 
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female frog lays her eggs in water. 

They are fertilized by sperm from a 
male frog. Each fertilized egg cell or 
zygote develops into a tadpole which 
hatches out several days later. The 
young tadpoles grow up or mature, 
live for a time as adults (age), and 
eventually die. Such a pattern of 
development is characteristic of most 
many-celled animals. A young animal 
grows from the egg, it matures, ages, 
and dies. Once mature, an animal is 
able to reproduce and so create new 
individuals which, in turn, will them- 
selves reproduce. If reproduction did 
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not occur then the species would fail to 
survive. Reproduction, therefore, is 
essential for the continued existence of 
a species. 

The process of ageing is a puzzling 
phenomenon. Many individuals fall 
victim to predators, but ‘natural 
death’ appears to await living systems 
that are not rearranged at intervals. 
An Amoeba, for example, reproduces 
mainly by a process of division or 
binary fission — splitting into two. No 
Amoeba is able to go on growing and 
living indefinitely without dividing. 
The changes that take place prior to 


- 


Hydra reproduces by both sexual and asexual means. The asexual process is one of 
budding which takes place chiefly during the summer when food is abundant. 

The body wall at one point grows rapidly forming a hollow bulge. This gradually 
assumes the form of a miniature adult, growing tentacles in the centre of which a mouth 
forms. Eventually the continuous cavity between the bud and the parent is partitioned 
off and the bud breaks free to assume an independent existence. 


FERTILIZATION 


YOUNG 
HYDRA 


Both male structures (testes) and female structures (ovaries) develop on the same 

individual. Hydra is said to be hermaphrodite, therefore. Usually the testes mature first 

so that one of the male cells fertilizes the egg of another Hydra. The male cells or sperm 

are released into the water and swim to the egg cell in the ovary. Fusion takes place and 

the fertilized egg or zygote divides many times to form an embryo. This is released, and 

falls to the ee, floor. In suitable conditions the preseetie coat round the embryo 
_ ruptures and the young Hydra emerges. - 


and during the division of its nucleus 
and protoplasm appear essential for 
the continued existence of a line of 
individuals, and ultimately for that 
of the species. 

Perhaps the nucleus of an Amoeba 
is able to control only a certain 
quantity of protoplasm. When it has 
reached a certain size, the duplication 
of the nuclear material, and the conse- 
quent sharing of the ‘parent’ proto- 
plasm, enables each ‘daughter’ 
nucleus to reorganize and build more 
protoplasm. 

Growth in many-celled animals 
takes place mainly by the division of 
cells as in Amoeba. Reproduction, in 
most, occurs through the union of sex 
cells or gametes, however. All that sur- 
vive of an individual are the egg or 
sperm cells which fuse to produce new 
individuals. The body of the animal 
ages and dies. 

Reproduction involving sex cells is 
said to be sexual. It is characteristic of 
higher animals. Both asexual reproduc- 
tion (without gametes) and sexual 
reproduction occur in many lower 
invertebrates (e.g. coelenterates). In 
the lower many-celled animals, such 
as Hydra, the protoplasm of many of 
the body cells seems to retain the 
capacity for growth and reorganisa- 
tion. Eventually they form a new 
adult. In higher animals, only the sex 
cells retain this ability, the ordinary 
body cells cannot grow into new 
individuals. 

Sexual reproduction occurs in many 
protozoa. Two individuals may pair 
(conjugate) and exchange nuclear 
material. Alternatively, parts of indi- 
viduals, formed by separation of buds 
or by the division of the adult nucleus 
and protoplasm, may pair. Usually 
the male and female halves of each 
pairing are formed by _ different 
parents. 

In some insects, (especially green- 
fly) and roundworms, one or more 
generations may be produced by the 
development of eggs that have not 
been fertilized. This is called partheno- 
genesis. 

Occasionally the young stage of an 
animal becomes sexually mature and 
reproduces, a phenomenon known as 
neoteny. ‘This occurs in a Mexican 
newt, Ambystoma, for example. 
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In many coelenterates (e.g. Obelia) 
budding results in the formation of a 
colony, for the buds do not separate. 
The individual animals (polyps) are of 
two types, feeding polyps and repro- 
ductive polyps. The latter produce 
jellyfish-like buds or medusae. These 
swim in the sea after separating from 
the polyps. Each medusa produces 
either male or female cells. These are 
released into the sea where fertiliza- 
tion takes place. The fertilized eggs 
develop into a hairy or ciliated larva 
called a planula, which later rests on 
the bottom and develops a mouth with 
tentacles round it. By budding, a 
colony is produced. 


BUTTERFLY 
EMERGING 


Sees 


A caterpillar or larva hatches from a 
butterfly egg. The caterpillar eats and 
grows rapidly before changing into a 
resting, non-eating stage called a chry- 
salis or pupa. 

From the chrysalis the adult butter- 
fly emerges. In such a life history the 
development from egg to adult takes 
place by way of distinct changes of 
form. Each change is called a meta- 
morphosis. 
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RADIO BROADCASTING 


HEN speech or other forms of 
sound are transmitted by tele- 
phone wires, the sound received by 
the mouthpiece is first converted into 
electrical signals. These signals are 
transmitted along the wires in the 


When an electric current is passed 
through a straight conductor, circular 
lines of magnetic force are set up 
around the conductor. Radial lines of 
electric force are set up at the same 
time. 
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form of a varying electric current. 
The energy which is received by the 
mouthpiece (sound energy), is there- 
fore converted into electrical energy 
which is transmitted along the wires. 

Another way of thinking of this 
form of transmission is to consider 
the magnetic and electric fields which 
are set up around the wires. When an 
electric current is passed through a 
conductor, a magnetic field with cir- 
cular lines of magnetic force is set up 


Electromagnetic waves being 
transmitted from the aerial of a 
radio transmitter, and (bottom 
right) part of the wave front of a 
radio wave. 
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around the conductor. At the same 
time, an electric field is set up, with 
lines of electric force spreading out 
radially from the conductor, at right 
angles to the magnetic lines of force. 

When a signal, 
bursts of electric current, is passed 
along the wire, a complicated pattern 
of interwoven magnetic and electric 
lines of force moves along the wire 
with the signal. The energy in the 
conductor is thus converted into electro- 
magnetic energy, which moves along 
the conductor as a form of wave motion, 
at the speed of light in vacuum. (Light 
is itself a form of electromagnetic 
wave motion). 

When signals are transmitted along 
a wire, the electromagnetic waves are 


guided i.e. confined to the vicinity of 


the wire. If, however, an electrical 
signal is fed to a piece of wire held up 
in the air, the waves will radiate from 
the wire out into free space. 

This is what happens when a radio 
signal is broadcast. The sound energy 
received at the microphone is once 
again (after amplification) converted 
into electromagnetic radiation. In 
this case, however, the electromag- 
netic waves are not guided, but 
radiate freely outwards from an aerial 
or antenna connected to the output 
terminals of the radio transmitter. 


Since the transmitted energy radiates 
in all directions, the amount of energy 
necessary in the first place is very 


which consists of 


great indeed. Certainly it is very 
many times greater than that used for 
transmission by wire. 

As the lines of electric and magnetic 
force extend outwards from the aerial 
they meet various obstructions such 
as hills, trees, large buildings and 
metal structures. These reflect, re- 
fract or absorb the electromagnetic 
energy, depending upon their own 
electrical resistance and physical size 
in relation to the wavelength of the 
radi frequency carrier being used. When 
the moving wave encounters an elec- 
trical conductor it induces in the con- 
ductor electric currents whose sizes 
depend upon the strength or energy 
content of the wave at that point. 

So the electromagnetic waves are 
converted into an electric current in 
a receiving aerial. Within a few miles 
of the transmitter and the aerials, 
induced signals are very large, but as 
the waves travel further they peter 
out. 

If now a receiving aerial is connected 
to a radio receiver, the signal trans- 
mitted can be extracted by the 
receiver detector stage and reproduced 
as the original sound (or vision) sig- 
nals which were super-imposed on the 
transmitter carrier frequency. 

The wave transmitted or radiated 
from an aerial is not able to travel 
away completely freely because of the 
effects of the surface of the earth. 
Although the surface of the earth, 
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(sand, soil, rocks etc.), is a poor con- 
ductor, the electromagnetic wave can 
induce a current in it. Some energy is 
therefore lost by the wave if it comes 
into contact with the earth. This loss 
of energy slows up that part of the 
wave which is in contact with the sur- 
face of the earth and so causes the 
wave front to tilt forward as the wave 
goes along, more and more energy 
being lost in the process. Finally, at 
some particular distance from the 
transmitter the energy that is left is 
too small to produce a signal that can 
be used by a receiver. The greatest 
distance such a wave can travel is 
about 200 miles for a long wavelength 
(1000 metres) transmission and about 
40 miles for a short wavelength (10 
metres) transmission. The nature of 
the ground will make some difference. 
Transmission over desert gives a wider 
coverage than, say, over hilly wet 
country. For this reason it is usual to 
erect a transmitter aerial as high up 
in the air as possible to obtain the 
greatest local coverage when using 
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Electric and magnetic fields in the immediate 
neighbourhood of an aertal rod at particular 
instant. 


ground-wave transmission. 

Radio communication over much 
greater distances is, of course, quite 
common. The method here is to make 
use of the layers of zonized gases in the 
upper part of the earth’s atmosphere. 
These, in effect, reflect back towards 
the earth certain kinds of upward 
directed, or skywave, radio transmis- 
sions, so increasing the possible dis- 
tance between transmitter and recei- 
ver. The region between the 
transmitter and the area on the 
earth’s surface to which the reflected 
transmission returns is not able to 
receive the broadcast. This region is 
known as the skip distance. 
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The lonosphere 


The earth’s atmosphere is composed 
of many gases. At the surface of the 
earth it is mainly nitrogen (about 75%) 
and oxygen (about 23%). As the height 
above the surface increases the density 
of the gases decreases. At heights 
above about 30 miles the density of the 
various gases is low enough to allow 
ionization of the gas molecules without 
rapid re-combination. This ionization 
of the gas molecules produces free 
positively charged ions and free nega- 
tively charged electrons, and is pro- 
duced by radiation from the sun and 
from outer space. 

For a variety of reasons, the ioniza- 
tion exists in a number of separate 
layers at different heights above the 
earth’s surface. The lowest of these, 
known as the D layer (30 to 50 miles 


The range of frequencies used for 
commercial broadcasting purposes is 
very great. For sound broadcasting the 
carriers must be separated by at least 
15,000 c/s and so this would also have 
to be the lowest carrier frequency. For 
television transmission the modulating 
frequency range is about 10,000,000 c/s 
wide and the carrier frequency has 


In order to be able to direct these 
skywaves so that they bounce off at 
the desired angle, a wide variety of 


high), exists only during the day. The 
next, the E layer (about 70 miles high), 
changes with time of day as well as with 
time of year. The F layer (at a height of 
about 200 miles) splits into two layers 
(F, and F,) during the day and is de- 
pendent upon the time of year as well 
as the sunspot cycle. 

These ionized layers have the pro- 
perty of reflecting radio waves, and 
this is used to propagate radio waves 
over long distances. The radio waves, 
which would die away over a com- 
paratively short distance if broadcast 
as a ground wave transmission, are 
directed towards a layer and reflected 
back to earth rather like light waves - 
being reflected by a mirror. This 
enables much greater distances to be 
covered. 
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therefore to be much higher. 

The highest frequencies used com- 
mercially extend to about 2,000,000,000 
c/s or 2,000 mega-cycles/sec. Two-way 
communication and radar applications 
extend the range to just below the 
infra-red or lowest part of the visible 
light range or spectrum. (I millimetre 
wavelength). 


aerials have been devised and de- 
veloped. Some of the more important 
types will be described in later articles. 


1039 


[ TECHNOLOGY | 


Making a PRINT 


HE making ofa photographic print 

is a three stage process. A photo- 
graph is taken. For a brief space of 
time, the shutter of the camera opens 
to allow light to pass through the lens 
and an image to be formed on the light 
sensitive film in the camera. The 
action of light causes the silver halide 
(i.e. bromide) emulsion coating the 
film to break down to silver. The 
action of the developer encourages this 
process to proceed rapidly, and finally 
produces an image composed of metal- 
lic silver in the areas which have been 
affected by light. The remaining silver 
halides, which were not exposed to 
light, are still light sensitive and must 
be removed by the use of a fixing 
solution, which is actually a solvent for 
the silver halide. A negative has now 
been made and after thorough wash- 
ing and careful drying this can be used 
to produce any number of positive 
prints. 

The highlights (or light parts) of 
the subject are dark in the negative 
and the shadows (or dark areas). are 
light or transparent. The printing 
process produces on paper an image 
which is the reverse of the negative 
and this is called a positive. The dark- 


room is prepared for printing the’ 


film. If no darkroom is available the 
bathroom or kitchen will do just as 
well. Before beginning, the room used 
should be made dark using thick cur- 
tains or screens over the windows, and 
a suitable safelight should be plugged 
in ready for use. For contact printing, 
this is usually yellow, but the manu- 
facturer’s instructions given with the 
paper should be followed. The or- 
dinary room light can now be switched 
on while the necessary apparatus is 


PRINTING FRAME 


NEGATIVE 


assembled. 

A suitable printing paper is chosen. 
This may have a matte or glossy sur- 
face according to taste. Most papers 
used for contact printing give a blue- 
black final image. The contrast grade 
of the paper should suit the negative 
1.e. normal for correctly exposed and 
developed negatives, hard for low con- 
trast and soft for high contrast nega- 
tives. Whatever type of printing paper 
is chosen, it should be kept away from 
bright light (preferably in its original 
packet or box) until ready for use, as 
it is, of course, light sensitive. Like 
photographic film, printing paper is 
coated with a silver emulsion, but of 
a somewhat different composition. 

Developer, stop bath and fixer are 
needed and three clean shallow dishes 
to put them in. A thermometer is 
necessary for checking the tempera- 
ture of these solutions (normally 
around 68°F) according to the maker’s 
instructions. 

A printing frame or printing box will 
also be needed and if a frame is used, 
provision should be made for sus- 
pending a pearl or opal bulb at a 
suitable height above the printing 
frame to make the necessary exposure 
of the paper through the negative to 
white light. The distance of the bulb 
from the printing frame may be 
determined by trial and error to give 
an exposure time for a normal nega- 
tive of around 15-30 seconds. On 
examination, the printing frame will 
be seen to have a glass front and behind 
this glass should be placed a mask of 
opaque material to provide a white 
border to the final print. In order to 
keep the negative and paper in close 
contact a wooden or plastic back is 


Frame for contact printing. 
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Home-made light stand. 


provided with clips to hold it in place. 
The glass should be cleaned before use 
to avoid white flecks on the print, and 
the negative also should be free from 
dust and handled carefully to avoid 
fingermarks. 

The developer, stop bath and fixer 
should be prepared according to the 
instructions on the container and 
recommendations as to temperature 
complied with. The printing frame is 
placed glass downwards, the mask is 
inserted, then the negative emulsion 
side up next to the printing paper, 
emulsion side down. The frame should 
then be closed with the clips provided 
and placed ready for the exposure to 
be made, the negative and paper 
suitably masked, now facing the print- 
ing bulb. This is now switched on for 
a certain number of seconds as in- 
structed, or a test strip may be made 
moving a card over the paper surface 
at five second intervals to give a range 
of exposures, one of which may be 
chosen as correct. 

The paper is then removed and 
placed in the developer. The picture 
will rapidly become visible and will 
gain in strength until at the end of the 
developing time (45—60 seconds usu- 
ally), it may be transferred to the stop 
bath and then to the fixer, which will 
wash away the remaining light sensi- 
tive silver salts. 

After thorough washing in running 
water, the finished print may be dried. 
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Sir John COCKROFT 


OHN DOUGLAS COCKCROFT 

was born on 27th May, 1897, and 
grew up in Todmorden in the West 
Riding of Yorkshire. After studying 
electrical engineering and physics at 
Manchester University and at Cam- 
bridge he became, in 1938, a Fellow of 
St. John’s College, Cambridge and 
worked in the Cavendish Laboratory 
with Ernest Rutherford. 

At this time there was considerable 
interest in the possibility of learning 
more about the properties of the atom 
by using charged particles such as 
alpha-particles as ‘bullets’ travelling 
at high speed to fire at the atom. 

In 1919 Rutherford succeeded in 
transmuting the atom of nitrogen into 
an atom of oxygen using high speed 
alpha-particles emitted by a naturally 
radioactive material. It was thought 
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that particles accelerated to high 
speeds by artificial means could also 
enter the nucleus. 

Realizing the possible importance 
of such methods, Cockcroft teamed up 
with another worker in the Cavendish 
Laboratory, E. T. S. Walton, to con- 
struct a machine which would be able 
to accelerate alpha-particles to higher 
speeds than those of particles emitted 
from radioactive substances. The fact 
that such a machine would also 
accelerate protons (more efficient ‘bul- 
lets’ for probing the atomic nucleus 
than alpha-particles) and deuterons 
to high speeds promised very import- 
ant results. 


In 1929, Cockcroft and Walton 


The room at the Cavendish Laboratory in 
which Sir John Cockcroft and E. T. S. 
Walton conducted their experiments with 
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designed and constructed an electrical 
circuit which provided several hun- 
dreds of thousands of volts and which 
might form the basis of such a 
machine. In order to accelerate char- 
ged particles like protons they re- 
quired a source of these particles and 
also a means of accelerating them. 

Hydrogen gas was used as the source 
of protons. It was ionized by passing 
an electric arc through it in an ioniza- 
tion chamber. The electron was strip- 
ped from the hydrogen atom, and the 
hydrogen nucleus —the _ positively- 
charged proton — remained. 

The protons drifted from the ioniza- 
tion chamber and travelled down the 
centre of a long glass tube. This tube 
was pumped free of air, and in it were 
fixed metal cylinders at intervals. 
Each was connected to a high-voltage 
lead from a section of the high-voltage 
source. As a proton entered the glass 
tube, the negative voltage on the 
first metal cylinder accelerated the 
proton to a certain speed. It then 
travelled through the first metal tube 
and, on emerging, found an even 
greater negative voltage on the second 
metal tube, and was accelerated fur- 
ther. After passing through several 
tubes the proton emerged at high 
speed. 

The original high-voltage source 
was capable of generating about 
g00,000 volts, and was connected in 
Steps»to five or six metal cylinders. 


In 1932 Cockcroft and Walton used 
their machine to accelerate protons, 
and directed the beam of protons at 
a sample of lithium ‘target’. This 
resulted in changing lithium atoms 
into two helium atoms. They had 
disintegrated the lithium atom by 
means of artificially accelerated pro- 
tons. 

Cockcroft and Walton were thus the 
first to succeed in producing high 
speed protons in the laboratory and 
to show that these protons were 
capable of causing atomic disintegra- 
tions. 

In 1936 Cockcroft became a Fellow 
of the Royal Society, and he was 
knighted in 1948. In 1946 he became 
Director of the Atomic Energy Re- 
search Establishment at Harwell. In 
1951, Sir John Cockcroft shared with 
E. T. S. Walton the Nobel Prize in 
Physics awarded for their work in 
artificial acceleration of particles. 

In 1960 he became Master of 
Churchill College, Cambridge, a posi- 
tion which he holds today. 


METEOROLOGY 


FRONTS 


ARGE masses of air wander over 

the surface of the Earth. Their 
wandering means that air masses of 
different types meet each other. A 
front is the term given to the boundary 
between them. A cold front marks the 
boundary between a warm air mass in 
front and a colder air mass behind, 
while a warm front is the opposite. 

A front brings with it a change in 
the weather. When a cold front passes 
over, the weather changes from a pat- 
A cross-section of a cold front. Colder air, overtaking warmer air, burrows underneath ‘er characteristic of warmer air to 
it to form a wedge. one characteristic of colder air. While 

the change is taking place, the weather 
_enes «6 IS Very unscttled. The passage of the 
= front increases the probability of rain. 

Cold fronts are shown on weather 
forecasting maps as lines with black 
triangles marking their leading edges. 
Warm fronts are marked by lines with 
black semi-circles along the leading 
edges. The lines mark the lines along 
the Earth’s surface where the fronts 
usually meet it. But the front does not 
rise vertically. Both warm and cold 
fronts are sloping boundaries. 


CIRRUS 
CLOUDS 


THE SLOPE OF THE 
FRONT IS FROM 
1-IN-100 TO 1-IN-200 


Warm Fronts 


COLD AIR A warm front, for instance, is formed 
when warm air overtakes colder air. 
Warm air and cold air are of different 
A cross-section of a warm front. Warm air overtakes amass of colder air, and rises gradually densities, and they do not mix very 
over the ramp of colder atr. well. The warm air, being less dense, 
i SOAS Sage see eee Th TNS Se = rises gradually over the ramp of 
i al at 5 . colder air in front. As the warm air 
WARM AIR rises, there comes a point when it can 
no longer hold all of its moisture in the 
form of a vapour. The excess water 
vapour condenses to form cloud par- 
ticles. The more the air is cooled in 
rising, the more water vapour con- 
denses. Clouds extend right up the 
sloping surface of the front. 

Air masses have a height of roughly 
four or five miles. The slope of the 
pare : ois sa front is very gradual. For every mile 

the warm air rises, it may travel bet- 
ween 100 and 200 miles along the 
ramp of colder air. So if the slope rises 
a total of five miles, the sloping sur- 
face of the front will be about 500 to 
1,000 miles along. 
An occluded front is formed when a cold front catches up with a warm front. The warm air An observer on the ground sees the 
in between 1s pushed up away from the ground. signs of a warm front long before the 
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Cold, warm and occluded fronts are invariably present on maps for forecasting the weather 
in temperate latitudes. 


base of the front passes over. An ad- 
vancing warm front first shows itself 
in its highest clouds, the bands of 
cirrus Clouds formed right at the top of 
the frontal slope. Gradually the sky 
clouds over, as the lower parts of the 
front approach. Cirrus clouds give 
way to cirro-stratus which thicken into 
altostratus and later into nimbostratus as 
lower and lower parts of the front 
come overhead. The front may be 
travelling at 20 to 30 miles per hour, 
so it takes roughly a day to travel the 
500 miles between the cirrus part of 
the front and the nimbostratus part. 

With the nimbostratus clouds comes 
rain, light at first, and then gradually 
increasing as the clouds come down 
almost to the ground. As the front 
passes, the rain eases off, the clouds 
lift, and the sky becomes less gloomy. 
Soon the weather settles into the pat- 
tern characteristic of the warm air 
mass. 

Cold Fronts 

A cold front is formed when colder 
air overtakes warmer air. Because it 
is colder and denser, the colder air 
burrows under the warm air mass, 
forming a wedge of colder air beneath 
the warmer air. The slope of the 
frontal surface is far steeper than the 
slope of a warm front. 

As the colder air undercuts the 
warm air, it pushes it upwards. Air 
on the warm side of the front will 
probably be already rising in convec- 
tion currents. It rises more rapidly if, 
in addition, it is pushed upwards by 


the wedge of cold air. Dense cumuli- 
form clouds tend to form in the warm, 
rising air. Heavy rain, with perhaps 
thunder and hail, usually accom- 
panies the front. The rain dies out 
after the front has passed over, and 
the brighter, more settled weather 
characteristic of the mass of colder air 
follows. 

Depressions 

Warm fronts and cold fronts are 
generally associated with depressions, 
the centres of low pressures which are 
often formed in temperate latitudes. 

In the northern hemisphere, a cold 
polar air mass moves southwards away 
from the high pressure regions near 
the Poles. The leading edge of this air 
mass is called the Polar Front. At the 
same time, tropical air moves north- 
wards away from the relatively high 
pressure regions over the tropics. 
Depressions are formed as a result of 
the clash between these converging 
air masses. When they meet, they do 
not mix, for the warm air rises above 
the cooler air. 

Winds blow along the front, side 
by side in opposite directions (due to 
the spin of the Earth). 

The boundary between the air 
masses cannot remain straight for 
long. Bulges or waves appear in the 
front. The waves may be stable, and 
die down. But if the wave is big 
enough, it becomes unstable, and 
tends to grow. Cold air wraps round 
the bulge of warmer air. As the dis- 
turbance grows, two clear frontal 


surfaces develop — the warm front on 
one side of the bulge and the cold 
front on the other. The cold front, 
however, is usually moving faster 
than the warm front. Gradually it 
catches up with the warm front, filling 
the warm sector in between. This 
takes about one or two days. 

When a cold front overtakes a warm 
front, the two wedges of cold air unite. 
The front is then said to be occluded. 
The warm sector is pushed upwards 
and clouds are formed in the rising 
warm alr. 

As the fronts are occluded, all dis- 
tinction between them is lost. The 
depression is left as a gently rotating 
mass of cold air. 


Cold air meets warmer air. 


A wave of warmer air is pushed into cold 
air. The cold air tries to get into the warmer 
air, but is forced to flow around it. 


The cold front moves faster than the warm 
front, and gradually catches up with it. 


The warm sector is gradually filled in, the 
fronts become occluded, and the depression 
becomes a gently rotating mass of air. 
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INDUSTRIAL CHEMISTRY 


SEDIMENTATION 


F a suspension is left standing un- 

disturbed, all the solid particles will 
eventually fall to the bottom of the 
vessel, leaving clear liquid above. 
This effect may be used as a means of 
separating the solid and liquid phases 
in a suspension by a process known as 
sedimentation. 

Although filtration and sedimen- 
tation are two distinct methods for 
removing solids from suspension, they 
are not necessarily alternatives. For 
instance, suspensions containing par- 
ticles with a wide range of sizes are 
difficult to filter efficiently. Where the 


Three stages in a laboratory settling test. 
A — Uniform suspension; B—- Clear layer 
has appeared; C — Sediment consolidating 
at foot of cylinder. 


weave of the filter cloth is too coarse, 
the smallest particles go through. The 
alternative is filtration through a fine 
mesh cloth but this would be slow and 
expensive. Provided the suspension 
can be collected into tanks where 
settling conditions are good, quite 


fine particles can be removed satis- 
factorily by sedimentation. 

A fine sediment is formed when 
fruit sugars are fermented to make 
wines. The traditional method for 
removing this is to leave the cask or 
bottle containing the liquor to stand 
for several days, or weeks if the solid 
particles are very fine. When all the 
solid matter has settled to the bottom 
of the container, the clear liquid is 
poured off, great care being taken to 
ensure that the sediment is not dis- 
turbed. This technique, which is called 
decanting, requires a steady hand ~ the 


A batchwise settling tank. Slurry is run 
into the tank and left for a time to settle. 
The clear liquid is then siphoned off. 


wine bottle has to be tilted slowly and 
steadily in order to recover the maxi- 
mum amount of clear liquor. 

Use is also made of this method of 
separation in the laboratory. An ex- 
perienced chemist will often leave a 
suspension to settle for a while before 


In this Dorr ‘Clariflocculator’ unit, flocculation of the fine particles is increased by motion 
of the high speed paddles in the central chamber. The suspension then passes into the larger 
tank where the solids can settle out. Equipment of this type is suitable for water treatment 


and in sewage disposal. 


filtering. By this means, the clear 
liquid from above the layer of thick- 
ened suspension can be filtered 
quickly. (As a precaution against a 
few grains of the solids being carried 
off with the clear liquid, it is still 
necessary to filter the whole of the 
suspension). 

When the solid particles in a sus- 
pension settle out, they fall to the 
bottom of their container under the 
influence of gravity. In doing this they 
cause an equal volume of liquid to 
flow upwards to take their place. The 
rates at which the particles fall depend 
upon their sizes (larger particles fall 
more quickly), on the density of the 
particles in relation to the density of 
the liquid and on the viscosity of the 
liquid. The latter factor changes with 
temperature and as the liquid is 
warmed it flows more easily and so 
offers less resistance to particles falling 
through it. In addition, if there is a 
large number of particles in suspen- 
sion the settling of any one particle 
may be hindered by the motion of the 
others, and also by the upward flow 
of liquid which is taking up the space 
previously occupied by the many solid 
particles. 

The first stage in designing indus- 
trial sedimentation equipment is to 
carry out laboratory scale settling 
tests. These are usually performed in 
one-litre measuring cylinders. A 
sample of the suspension to be treated 
is placed in the cylinder which is 
shaken vigorously to ensure that the 
solid particles are uniformly dispersed 
throughout the liquid. The cylinder 
is then set aside so that settling can 
take place. 

Quite soon the liquid nearest to 
the free surface is seen to be without 
suspended particles. A well defined 
interface lies between the clear liquid 
and the suspension. Almost at the 
same time a thin layer of sediment 
is seen to be collecting at the foot of 
the cylinder. The progress of settling 
is followed carefully and the time 
taken for the solid to fall out of sus- 
pension is noted. 

If the concentration of solids is high, 
the particles tend to settle at a con- 
stant speed irrespective of their size 
and density. Thus the composition of 
the zone immediately below the clear 


liquid remains fairly constant, and 
the particles in it move towards the 
bottom of the cylinder at a fairly 
steady rate. However, as they 
approach the foot of the cylinder 
they reach another zone where there 
is a high proportion of solid matter. 
The settling rate of this layer is much 
slower. Across the foot of the cylinder 
is the first layer of sediment which is 
formed by the latter layer compacting. 

The settling tests give an indication 
of the time it takes for a particular 
suspension to yield a zone of clear 
liquid and also a guide to the compo- 
sition of the sediment (i.e. the ratio of 
solid to liquid) after a given time. But 
laboratory settling tests are carried 
out in still conditions — the suspension 
has neither been disturbed by fresh 
suspension being added nor by the 
removal of the clarified liquid, al- 
though in practice both of these will 
affect the motion of the particles 
falling through the liquid. 

The conditions which exist in the 
laboratory settling tests are ap- 
proached more nearly in batchwise 
sedimentation. This is carried out in 
settling tanks or thickeners. These usu- 
ally consist of a cylindrical tank with a 
cone attached to its base. The suspen- 
sion or slurry as it may be called, par- 
ticularly if the solids content is high, 
is run into the top of tank and left for 
sufficient time for the solids to settle 
out. The clarified liquid is then with- 
drawn from the free surface by means 
of a swinging siphon (see diagram). 
Decanting ceases when the effluent 
becomes cloudy. The slurry is then 
withdrawn through a discharge valve 
in the tip of the cone. 

Batchwise sedimentation plant is 
rather expensive to run since it is 
necessary to have several tanks avail- 
able. While slurry is being fed into one 
tank, the sediment is settling in a 
second and in the third the clarified 
liquid and consolidated sludge are 
being removed. In contrast, continuous 
sedimentation plant should run for 
long periods between major shut 
downs for maintenance. 

There are two distinct types of 
continuous sedimentation equipment, 
one of which incorporates mechanical 
aids for the removal of sludge. The 
non-mechanical type is a direct de- 


UNDER- 
FLOW OF 
SEDIMENT 


UNDERFLOW 
OF SEDIMENT 


OVERFLOW 


If floor area ts limited, a unit like the Dorr Tray Thickener in which one compartment 
stands on another has distinct advantages. The two trays can be connected either in serves 


or parallel. 


velopment of the batch type of equip- 
ment, though it has been designed so 
that a continuous output of both 
clarified liquid and thickened sludge 
is possible. The majority of these 
thickeners are conical in shape. The 
slurry enters the tank at a central 
point some distance below the free 
surface of the liquid, while clear 
liquid flows over the upper edge of 
the cone. The thickened sludge must 
be removed continuously from the 
foot of the cone. (The volume of 
sludge withdrawn must be equal to 
the difference between the volumes of 
suspension fed and of clear liquid 
which overflows). 

The principal moving parts in the 
mechanical type of sedimentation 
equipment are the scraper blades and 
rakes which move over the inclined 
base of the tank and serve to bring 
together the sludge which collects. 
There are many different variants of 
this type of plant. In the simplest 
there is only a single vessel into the 
centre of which the ‘suspension is fed. 
The clear effluent flows over weirs in 
the outside edge of the tank while 


the sludge is discharged from the 
centre of the base. 

In an effort to concentrate the 
sludge still further, some of the tanks 
are divided into more than one cham- 
ber by horizontal division or by having 
a small cylindrical tank within a 
larger one. In all plant of this type, 
great care has to be taken to ensure 
that the liquid flow and the movement 
of the scrapers upset the motion of 
settling particles as little as possible. 

If the suspension contains many fine 
particles, even of colloidal dimensions 
(i.e. of size intermediate between sus- 
pension and true solution) the addi- 
tion of small quantities of certain 
substances (e.g. alum) causes the fine 
particles to stick together or agglo- 
merate. These particles or flocs as they 
are called, settle more quickly as they 
are larger, so the suspension is clari- 
fied more rapidly. It has also been 
found that a certain degree of 
mechanical agitation also improves 
flocculation. One new design of set- 
tling tank incorporates such a floccula- 
tor unit. 
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BIOLOGY 


VIRUSES 


VIRUSES appear to be on the 

borderline between living and non- 
living matter. They are minute infec- 
tive particles so small that the majority 
can be seen only with the electron 
microscope. Their sizes range between 


Poltoviruses used in the production of polio- 
myelitis vaccines grow on living monkey 
kidney tissue cells. These are cultured in 
special bottles and form a sheet of cells 
one cell thick on the lower side of each 
bottle. 


ten and three hundred millimicrons 


I 


(one millimicron (my) = 
1,000,000 


millimetre). In. gross structure a virus 
might be compared to a potato in its 
jacket, the jacket being a shell of 
protein surrounding the potato—a 
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A 


core of nucleic acid; the latter is 
either ribonucleic acid (RNA) or 
desoxyribonucleic acid (DNA). The 
polio virus has this typical structure. 

Nucleic acids are chemical com- 
pounds that occur in the nuclei and 
cytoplasm of both plant and animal 
cells. In the nuclei, combined with 
protein, they are arranged in strings 
on the chromosomes and form the 
basis of the hereditary material whose 
‘instructions’ regulate all the activi- 
ties of an organism. 

Viruses are the smallest known 
‘packets’ that contain all the infor- 
mation required for their own re- 
production. They can only grow and 
reproduce at the expense of living 
cells. The shell is a protective outer 
coating that may be used to penetrate 
the host cell. The core enters the cell 
and uses the chemicals within it to 
produce more virus ‘packets’ com- 
plete with shells (the cell may be 
completely destroyed). Eventually the 
cell wall breaks and the viruses are 
released. 

Though viruses are so small, it is 
by consuming the contents of the cell 
and disorganising its normal workings 
that the symptoms of the many virus 
diseases are produced. Poliomyelitis, 
smallpox, yellow fever, whooping 


cough, measles, influenza ‘and the 
common cold are virus diseases affect- 
ing man. Foot and mouth disease 
affects cattle, sheep, and pigs, and 
fowl pest affects poultry. Myxomato- 
sis, caused by myxoma, affects rabbits. 
It was introduced into Australia in 
1951 in an attempt to control the 
plague of rabbits there, and later was 
introduced into Great Britain with 


the same object. 
Many plant diseases are also caused 
by viruses; potato mosaic, tobacco 


Tobacco mosaic viruses are rod-like struc- 
tures about one four thousandth of a milli- 
metre long (magnification here 30,000). 


mosaic, potato leaf roll, cauliflower 
mosaic, turnip yellow mosaic and 
sugar beet yellows are examples. Such 
diseases are characterised by certain 
symptoms. In potato and tobacco 
mosaic the leaves are mottled; with 
sugar beet yellows the whole leaf 
often appears yellow. In some cases 


A tobacco plant infected with 
tobacco mosaic virus. 


markings of this sort may be con- 
sidered useful to the plant. The 
streaking or mottling of tulip flowers, 
for example, was noticed in Holland 
in the sixteenth century. The art of 
producing streaked flowers was known 
only to a few and large sums of money 


Aucuba mosaic: viruses are like long, thin 
fibres. They cause mosaic disease in tomato 
plants. 


Poliomyelitis virus particles, magnified 
many thousand times, shown inside an 
infected cell. 


were paid for affected plants. In fact, 
sap from the streaked plants was 
rubbed onto plain-coloured ones. 
Eventually the secret leaked out and 
streaked tulips became commonplace. 
In effect, therefore, the ‘diseased’ 
condition was beneficial rather than 
harmful. 

Live-virus vaccines are used for 
protection against yellow fever, small- 
pox and poliomyelitis in man, and 
distemper in animals. In the case of 
‘living’ polio vaccines, adapted viruses 
are prepared in the laboratory. They 
must be able to invade the human 
body and provoke the production of 
antibodies but not cause any paralytic 
disease. 

Smallpox vaccine is made by select- 
ing the naturally occurring virus that 
causes cowpox. It is only slightly 
harmful to man but it provokes 
sufficient production of the antibodies 


that protect against its more harmful 
cousin, smallpox. 

Viruses are spread in similar ways 
to many bacteria. Their control de- 
pends to a large extent on the manner 
in which transmission occurs. Lettuce 
mosaic is transmitted from one plant 
to another in the seed. Insects and 
eelworms (a kind of roundworm) are 
important carriers transmitting viru- 
ses from diseased plants to healthy 
ones. Aphids (e.g. green fly), thrips, 


This bacterial virus only attacks bacteria. 
It has been photographed with the electron 
microscope and is magnified many thousands 
of times. 


flea beetles and leaf hoppers are 
carriers of economically important 
viruses that attack plants. For ex- 
ample, the virus causing sugar beet 
yellows is spread by a black bean 
aphid and the potato and peach 
aphid. The latter also transmits potato 
leaf roll and potato mosaic. Potato 
mottle is not thought to be transmitted 
by insects but by the contact of 
healthy and unhealthy potato plants. 

There are several ways of control- 
ling sugar beet yellows. The sugar 
beet seedlings should be kept as far 
away as possible from root crops of 
sugar beet and mangels. Sowing the 
seedlings late helps to make this isola- 
tion more effective and insecticides 
sprayed over them kill aphids arriving 
on the new crop. Heavily infected 
crops may have to be destroyed 
completely. 

Potato diseases are partly avoided 
by using fresh seed-potatoes obtained 
from special seed potato-producing 
areas that are relatively free from 
infection by insect-carried viruses. 

Insects are also prominent as car- 
riers of animal viruses. Perhaps mos- 
quitoes and fleas are the most 
important in this respect. Viruses may 


The flowers of Tulips 
affected by viruses have 
a vivid streaked appear- 
ance. 


also be spread from one animal to 
another by direct contact, spitting, 
or coughing. Colds and influenza may 
be spread in this way. Poliomyelitis 
viruses are transmitted by way of 
infected faeces, blowflies being prob- 
able carriers. Smallpox is very con- 
tagious because the virus escapes 
from breaks in the skin. 

Viruses affecting man are largely 
controlled by means of vaccination. 
In this way a high degree of immunity 
is conferred upon the members of a 
population. The virus is unable to 
reproduce in them so that the number 
of potential hosts is considerably 
reduced. 
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SOUND 


A MOVING aircraft flies over an 

observer watching it from the 
ground. If it is flying faster than 
the speed of sound, the observer does 
not hear it approach him. Not until 
after the aircraft has passed overhead 
does he hear it. Then a short time 
later come two violent, window- 
shattering supersonic bangs. 

The bangs always occur whenever 
an aircraft ‘breaks the sound barrier’. 
Although the violence of the bang 
depends on a great many things, a 
loud disturbance is absolutely un- 
avoidable. No amount of stream- 
lining eliminates it completely. 

The aircraft disturbs the air through 
which it passes. When it is moving at a 
speed greater than the speed of sound, 
it is moving faster than the distur- 
bance it creates. So the disturbance 
follows the aircraft, and takes the 
form of two shock waves, one at the 
nose and the other at the tail of the 
aircraft. 

Ideally, at all speeds, the aircraft 
should gently part the air, and the 
air should stream smoothly around 
the fuselage. But always, ahead of the 
nose of the aircraft, the air will be 
compressed, and just behind the tail, 
it will be rarified. This happens how- 
ever perfect the streamlining. 

The pressure disturbances at the 
nose and tail are the same kind of 
thing as sound disturbances. 

Sounds are very weak pressure 
variations, and in air under normal 
conditions of temperature and pres- 
sure, they travel away from their 
source at about 750 miles per hour. 
Any pressure disturbance spreads out 
from its source in all directions. 

Similarly the compression of the air 


These diagrams show how the movement of a source of sound 
waves affects the way they travel. The sound waves coming 
from a stationary source spread out equally in all directions. 
Each diagram shows the wave an instant later than in the 


previous diagram. 


A STATIONARY 
MAN MAKES A 


ge 
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AND THE SOUND WAVES SPREAD 
OUT EQUALLY IN ALL DIRECTIONS 
NOISE AT ABOUT 750 MILES PER HOUR 


Supersonic Bangs 


at the nose of the aircraft spreads 
out from the nose in all directions. 
When the aircraft is moving forward, 
the movement distorts the resultant 
direction of travel of the disturbance 
(this is the direction which would be 
noted by a stationary observer). Pro- 
vided the aircraft is travelling at less 
than the speed of sound, the dis- 


A MOVING AIRCRAFT 
MAKES A DISTURBANCE. 


750 m.p.h. 


DISTURBANCE 


turbance can travel ahead of the 
aircraft. It is as if the air is forewarned 
of the coming of the aircraft, and it 
has time to start to get out of the way 
before the aircraft actually reaches it. 

But as the aircraft accelerates, and 
flies faster than sound, the disturban- 
ces cannot get away. The air ahead has 
no advance warning that the aircraft 


AND THE WAVES ARE NO 


LONGER CONCENTRIC CIRCLES 
AIRCRAFT— 
375 m.p.h. 


Shock waves form the surfaces of two cones, 
one stretching from the nose and the other 
from the tail of the aircraft. The two men 
on the ground hear the bangs when the 
Shock waves hit the ground. 


is coming, and it must therefore part 
abruptly. The sudden parting forms a 
‘wave’ of suddenly-compressed air, 
the shock wave. 

At the tail of the aircraft the air 
suddenly meets again, after being 
parted by the aircraft. This causes a 
pressure disturbance in the air which 
cannot be transmitted forwards. So, 
again, the air ahead is not forewarned 
and the sudden jump in pressure forms 
the tail ‘wave’ where the pressure 
alters rapidly. 

The shock waves can be thought of 
as barriers of tightly compressed air. 
But the aircraft never ‘breaks’ the 
barrier. No matter how many times 
faster than sound it travels, the shock 
waves remain intact. The phrase 
‘breaking the sound barrier’ means 
travelling faster than sound, but no 
actual physical barrier is broken. 

The shocks spread out from the 


nose and tail ends like the waves 
which spread out from the bow and 
stern of a ship. The shock travels to 
the observer with the speed of sound, 
and he interprets the sudden violent 
change of pressure as an ear-drum- 
shattering bang. He hears two shock 
waves, one spreading out from the 
nose, and the other spreading out 
from the tail. These follow one another 
in rapid succession. 

In most aircraft, there will be more 
than two shock waves. Shock waves 
may form at wing tips, or at any other 
point on the aircraft where the air- 


able buffeting. Modern design has 
largely eliminated this. 

To hear the supersonic bangs, the 
observer must be standing within a 
certain area. This can be worked out 
from the geometry of the situation. 
The shock waves form two cones, with 
their pointed ends at the nose and the 
tail. The supersonic bang can be 
heard by someone standing on the 
ground on the curved lines where the 
cones meet the ground. While the air- 
craft moves forward, this line sweeps 
out an area. Inside the area, the 
observer will hear the two consecu- 


The faster the aircraft travels, the more pointed become its shock-wave cones. The shape of 
the cone can be found by drawing in spheres to represent the disturbance after each instant. 


THE THEORETICAL FRONT * 
SHAPE FOR MACH I 
THE SPEED OF SOUND 
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flow is parted. In supersonic aircraft 
the wings are swept back so that the 
wing tips lie inside the nose and tail 
shock waves. Because the stream-line 
flow around it has been disturbed, the 
aircraft may be subjected to consider- 
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IS FLYING FASTER 
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OF SOUND— 
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DISTURBANCE- 
750 m.p.h. 
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ITS DISTURBANCE 
BEHIND 


AIRCRAFT 
1500 m.p.h. 


MACH 10 


tive bangs. Outside it, he hears 
nothing. 

Supersonic bangs do not annoy the 
people travelling in the aircraft, for 
the shock waves do not reach them. 
They can, however, be very disturbing 
to people and property on the ground. 
So it is important to restrict the 
extent of the bangs, particularly in 
the vicinity of airports used by super- 
sonic airliners. The bangs can be 
heard only within a certain area, the 
size of which depends on several 
things — the speed of the aircraft rela- 
tive to the speed of sound (the Mach 
number), the height of the aircraft, 
whether it is climbing, in level flight, 
or diving, and the way the tempera- 
ture varies in the atmosphere between 
it and the ground. All these are signi- 
ficant factors which may influence the 
location and design of supersonic 
airports. 
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ELECTRONICS 


LARGE RINGS - FIXED CHARGES 
SMALL RINGS - FREE CHARGES 


CURRENT 
VEERING OFF 
THROUGH THE 


In the transistor there is a conglomeration of positive holes 
and negative charges, allied to fixed charges. Connecting the 
batteries in this way sends electrons through the transistor. 
Only one in 50 (2%) of the electrons combines with a ‘positive 
hole’ in the base, and goes out via the base. The existence of an 
electrostatic barrier between base and collector leads to 
amplification of voltage (as explained in a previous article). 


N a transistor, a current travels 

through all three parts of the semi- 
conductor ‘sandwich’. It passes first 
through the emitter, then through the 
base, and out through the collector. 
Batteries can be connected to the 
transistor in such a way that an electro- 
static barrier is set up at the junction 
between the base and collector. The 
barrier acts almost like a_ battery, 
increasing the voltage of any electrical 
signal fed in to the transistor. The 
transistor amplifies the voltage of an 
electrical signal. 

When transistors were first dis- 
covered, it seemed logical to put the 
varying signal current in through the 
emitter. It was simply added to the 
normal operating current. This sort 
of transistor did not amplify the signal 
current because practically the same 
amount of current left via the collec- 
tor as entered via the emitter. But, on 
the other hand, it amplified the voltage 
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BATTERY 
REVERSE- 
BIASSING 
SECOND 
JUNCTION 


of the signal as it crossed the base/ 
collector barrier. The amplification 
was about 100 if the transistor was 
connected in the right way. 
Transistors are often likened to 
triode (three-electrode) valves. The 
emitter, base and collector of the 
transistor are similar to the cathode, 
grid and anode of a triode valve. 
Most often, in a valve circuit, the 


signal is put on to the grid. If the 


transistor is to function in the same 
sort of way, the signal should be fed 
into it. via the base. 

This is in fact the most usual 
method of using transistors. Circuits 
where the transistor is so connected 
are called common emitter, or alter- 
natively grounded emitter, circuits. 

The input signal is part of the 
current which flows through the 
emitter/base circuit. The output sig- 
nal is part of the current which flows 
through the whole transistor —1.e. 


through emitter, base and collector. 
The emitter is the transistor part 
common to both input and output. The 
common part is usually connected to 
earth, and is said to be ‘grounded’. 

The main advantage of the common 
emitter is that the signal current, as 
well as the voltage, is amplified. 

The signal current is put into the 
base of the transistor. At the instant 
when the signal current is nothing, 
98%, of the current flows straight 
through the base to the collector. 
Only 2% veers out through the base. 
This 2% controls the balance of 
positive and negative charges in the 
base, and it controls virtually the 
whole current flowing through the 
transistor. If the outflowing 2%, is 
balanced by an equal inflow of signal 
current into the base, no net current 
flows out of the base. Negative charge 
rapidly builds up in the base, and 
repels the negatively charged elec- 


N-TYPE 
EMITTER 


The p-n-p transistor is hes same Peds of operation. Battery 
terminals are switched around. The p-n-p is usually easier to 


make than the n-p-n transistor, and, mainly for this reason, is 
the kind used in most electronic circuits. However, it is 
slightly more confusing to explain. The current flows within 
the transistor as ‘positive holes’ in one direction while, in the 

necting wires, the current is a stream free electrons 
>pposite direction. — 


—-THE COMMON EMITTER 


trons of the current. The current 
stops. 

So by varying only 2% of the 
current, the other 98%, can be con- 
trolled. This is equivalent to having a 
current amplification of 49. A small 
change in the base current causes a 
change 49 times bigger in the collec- 
tor (output) current. The voltage of 
the signal is meanwhile being ampli- 
fied up to 100 times at the barrier 
across ‘the base/collector junction. 

When the signal is fed in through 
the base (common emitter circuit), 
the total amplification (that is, of 
both current and voltage) is roughly 
50 times greater than when the signal 
is fed in through the emitter (common 
base circuit). 

This is a very much simplified pic- 
ture of the happenings inside a tran- 
sistor. The amplification it gives 
depends the way it is connected into 
a circuit, and on the kind of signal. 


NEGATIVE 
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BATTERY 
TERMINAL 


A ippand curcuit for an amplifying stage in an audio-frequency amplifier. This ts a common 
emitter circuit, since the emitter is included in both input and output circuits. The two upper 
resistors are to set the base and collector currents (and in consequence, their voltages) at the 
right values. The lower two resistors and capacitor are the bias stabilizing part of the 
amplifier. These components (whose action will be explained more fully in a later article) 
stop the transistor from overheating. The capacitors to right and left are coupling 
capacitors. They join this circuit to others. 
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| GEOMORPHOLOGY | 


VOLCANIC ERU 


ISTORICAL = and _ geological 
records show that volcanic activity 
has been a feature of the Earth’s his- 
tory from the earliest times. The des- 
truction of Pompeii and Herculaneum 
by Vesuvius in A.D. 79, and the 
devastation caused by the eruption of 
Krakatoa in 1883, bear witness to the 
power of volcanic activity but even 
these events fade when compared with 
events of the distant past. To take but 
one example, there is an area of about 
one quarter of a million square miles 
in the North Western United States 
that is completely covered with vol- 
canic lava. 


FUMAROLE | 
i 


MAGMA 


nits! 


There are many types of volcanic 
activity but the term ‘volcano’ is 
usually restricted to those cone-shaped 
mountains which periodically shoot 
out molten rock (/ava) and hot ashes. 
One of the most popular theories of 
the origin of volcanoes was the ‘central 
fire’ theory which held that under the 


‘surface layers, the Earth was a seething 


mass of molten rock. Weak points in 
the crust allowed the gases to escape 
and so aeiegs as safety valves. This 
pecan it has been proved that the 
material thrown out by a volcano 
originates within about twenty miles 


FLOWING LAVA 


ORIGINAL-CRATER 
NOW FULL OF ASH — 
AND: ROSK, agents 


— 


: ‘scene with dormant volcanoes and. rich 


of the surface. Investigations with 
echo-sounding and similar devices 
have also shown that it is unlikely 
that there are any extensive masses 
of molten rock anywhere within about 
two thousand miles of the Earth’s 
surface. How, then, does the rock 
become molten and what forces it to 
the surface ? 

No really adequate explanation has 
yet been put forward, but it is signi- 
ficant that almost all the active vol- 
canoes are found in regions that have 
been recently (geologically speaking) 
disturbed by mountain-building or 
other extensive earth-movements 
regions such as Italy, Indonesia and 
Central America. Perhaps frictional 
forces within the Earth raise the tem- 
perature sufficiently to melt the rock 
and cause it to expand. This molten 
rock (magma) would follow any lines of 
weakness and may reach the surface. 
The explosive force of an eruption is 
due mainly to the violent expansion 
of steam and other gases released from 
the magma as it nears the surface. 

When a volcano is first formed 
(this has been witnessed several times, 


v 


ee) ij 


* A. sumplified section through-a strati- 


_ fied volcano. showing alternating beds 
“of lava and ashes. Behind, a typical 


notably in Mexico in 1943), the 
exploding gases force their way to the 
surface and may create a considerable 
crater as the rock is blown away. 
Unless the explosion is extremely 
violent, the broken rocks (pyroclasts) 
and cinders fall around the mouth 
forming the typical mound (ash cone). 
Later development depends very 
much on the composition of the 
magma. If the latter has a low silica 
content and a high proportion of iron 
and magnesium compounds, it is 
mobile and loses its gas easily pro- 
ducing a free flowing lava (Magma 
that has lost its gas). Continuous 
eruption of this type of lava forms 
volcanic cones with shallow slopes. 
Mauna Loa in Hawaii is the classic 
example. It rises 30,000 feet from the 
sea floor and, at the base, is about 70 
miles across. 

Eruption is not normally continu- 
ous — only limited amounts of magma 
are formed. at one time. Between 
eruptions the volcano is said to be 
‘dormant’. When eruption ceases the 
lava solidifies in the centre of the cone 
(vent) and this is what makes dormant 
volcanoes dangerous. If the magma 
begins to rise again, enormous pres- 
sures will be built up and will even- 
tually overcome the resistance of the 
solidified lava. The result is a violent 
explosion, scattering rock fragments, 
dust and ashes into the air. The same 
effect occurs when the lava has a high 
proportion of silica. It is viscous and 
tends to block the cone and promote 
spasmodic eruptions. This has hap- 
pened several times with Vesuvius, 
forming a stratified cone, made up of 
alternating layers of rocks and ashes, 
and lava. The devastating Krakatoa 
explosion in 1883 was similarly caused 
by a blocked volcanic neck. Much of 


Part of the Giants’ Causeway on the 
coast of Northern Ireland. It is part of 
an old lava flow which, on cooling, 
developed the typical 6-sided columnar 
appearance. 


the island was destroyed and a tidal 
wave drowned thousands of people in 
Java and Sumatra. 

The form of the lava, after it 
solidifies, varies a lot. It is normally 
fine-grained but may contain larger 
mineral crystals scattered within it. 
Occasionally, if it has cooled very 
rapidly, the lava may be glassy (vol- 
canic glass). The upper regions may 
be ‘frothy’ due to the escape of gases. 
This forms the well-known pumice- 
Stone. 

There are many ancient volcanoes 
in the world that have not erupted for 
millions of years. These are called 
extinct volcanoes. The forces of erosion 
act on them as on all other features of 
the landscape and wear them down. 
It often happens that the solidified 
magma in the cone (volcanic plug) 1s 
harder than the surrounding rock and 
stands out, after a period of erosion, 
as a volcanic neck. Edinburgh Castle is 
built on such a structure. 

Although the central vent type of 
volcano is the most familiar, it is 
geologically less important than the 
fissure eruption. Here, lava wells up 
along cracks in the Earth’s surface 


Various types of intrusion of volcanic material into sedimentary rocks. 


and may cover vast areas of land. 
The lava flows of North Western 
U.S.A. have already been mentioned. 
An even bigger covering of plateau 
lava must have existed to the North 
and West of Britain. Remnants of this 
are found in Greenland, Iceland, 
Scotland and Ireland but most of it 
is now under the sea. The Giants’ 
Causeway in Northern Ireland and 
the lavas of the Isle of Staffa both 
show the typical six-sided columns 
into which this sort of lava develops. 
It is due to contraction on cooling, 
much as the mud of a dried-up pond 
forms six-sided plates. 

Central and fissure eruptions are 
examples of extrusive activity, but often 
the magma solidifies before reaching 
the surface. This is intrusive volcanic 
activity. Dykes are vertical walls of 
igneous (volcanic) rock cutting across 
the ground rock. There are, in the 
western parts of Scotland, vast 
‘swarms’ of dykes associated with 
earth movements that occurred during 
the Tertiary Period (about 20 million 
years ago). If the intrusion runs along 
between beds of rock it is called a sill. 
The volcanic rock is usually harder 
than the surrounding rock and forms 
prominent features when exposed by 
erosion. Sills can be distinguished 
from old lava flows because both 
rocks above and below the volcanic 
material show signs of having been 
affected by the heat. Intrusive vol- 
canic material, especially when in- 
truded at depth, is of coarser grain 
than the extrusive lavas. The longer 
period of cooling allows the crystals 
to grow to a larger size. Granite is the 
typical example. 
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INORGANIC CHEMISTRY. 


LEAD 


EAD forms only about 0:002°% of 

the Earth’s crust. Occasionally 
small quantities of lead crystals are 
found, but it mostly occurs in com- 
bination with other elements. Galena 
(lead sulphide PbS) is the commonest 
ore and most of the world’s lead is 
extracted from it. The less common 
ores, cerussite (lead carbonate, PbCO,) 
and anglesite (lead sulphate, PbSO,) 
can also be used. The important pro- 
ducers of lead from galena ore are the 
United States, Mexico, Australia and 
Canada. About 2,000,000 tons of lead 
are produced annually. A considerable 
amount of this is reclaimed scrap lead. 

Because it is very resistant to cor- 
rosion, and soft and pliable, making it 
easy to work, lead has long been in 
use for making water pipes. The 
Ancient Egyptians, Romans and early 
Britons all used it for their piping. The 
famous bath built by the Romans at 
Bath nearly 2,000 years ago was lined 
with lead sheet and still has its water 
delivered by the original lead pipes. 
Lead is still in great demand for piping. 

Although better grade ore is pre- 
ferred, galena deposits containing as 
little as 3% lead sulphide can be 
profitably worked. After mining, the 
rock bearing the galena is brought to 
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Soldering a branch joint in a lead pipe. 


the surface and crushed to a powder. 
The lead-bearing ore is separated 
from the useless rock by froth-flotation. 
Violent gusts of air are blown through 
a stream of water to which a small 
amount of pine oil has been added. 
The air keeps the water in constant 
motion. The unwanted rock sinks to 
the bottom, but the ore is borne to 
the surface in a froth of bubbles. The 
froth is skimmed off the top and dried, 
forming a concentrate. 

The concentrate is then roasted. 
This is a process for removing most of 
the sulphur. During roasting, the 
temperature is kept well below the 
melting point of the sulphide ore. 
Air is blown in. Part of the sulphide is 
oxidized to lead oxide and part to lead 
sulphate. 


2PbS + 30, = 2PbO + 280, 
lead oxygen lead sulphur 
sulphide oxide dioxide 
PbS + 20, = _ PbSO, 
lead oxygen lead 
sulphide sulphate 


Some flux is added to the fine pow- 
der from the roasting to make it into 
coarser lumps. The fine powder would 
otherwise choke the blast furnace. The 
furnace is charged with roasted ore, 
coke, limestone and some scrap iron 
to remove any remaining sulphur. 
The carbon in the coke removes the 
oxygen as oxides. The molten lead is 
run off from the bottom. 


Sometimes lead ores are found in- 
termingled with those of zinc. Here, 
the treatment is different. The two 
ores are treated as one. This method 
is described in the article on zinc. 

After smelting, the lead contains 
many impurities such as antimony, 
arsenic, bismuth, copper, silver, gold, 
tin and zinc. Consequently further 
refining is necessary. There are a num- 
ber of alternative ways of doing this 
to obtain very pure lead. 

Lead is a bluish grey metal. When 


Lead covered cables in the basement of a 
modern telephone exchange. 
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its surface is scraped with a penknife, 
it has quite a bright shine. Air 
quickly tarnishes it into dullness, but 
the action of the air does not make it 
crumble away. It only gives it a 
coating which acts as a_ protection 
against further action with the air. 

Lead is a weighty, dense metal. At 
20°C its density is 11°34 gm/cc, over 
11 times as dense as water. The atomic 
weight of lead is 207-2. In a block of 
lead, the atoms are arranged in a face 
centred cubic structure. The building 
unit is a cube with a lead atom at each 
corner and one at the middle of each 
side. 

Lead is a soft metal which is quite 
easy to cut with a knife and can easily 
be bent out of shape. When a bead of 
lead is rubbed across a piece of paper, 
some of the atoms rub off and a 
greyish black mark is left on the 
paper. At one time lead was used for 
making pencils. ~ 

Lead is fairly resistant to acid 
attack. Dilute sulphuric and hydro- 
chloric acids do not affect it, but 
nitric acid does. 

The lead in most lead compounds 
has a valency of two although it can 
also have other valencies. For ex- 
ample, lead forms several oxides. In 
litharge (lead monoxide, PbO) the 
lead has a valency of two. Litharge 
is a pale yellow powder used in 


preparing oils and varnishes and is 
sometimes added to flint glass to 
increase its refractive index. It will 
react with both acids and alkalies and 
is therefore called an amphoteric oxide. 
The chocolate coloured lead dioxide, 
(PbO,), is made by oxidizing lead in 
an alkaline solution. Here, the lead 
has a valency of four. In each mole- 
cule, one atom of lead has combined 
with two atoms of oxygen of valency 
two. The red lead used in paints has 
the formula Pb,O,. Other oxides of 
lead are the suboxide Pb,O and the 
sesquioxide, Pb,Osg. 

In most lead compounds other than 
the oxides the lead is divalent. For 
example, when alkalies are added to 
solutions of lead salts it is always 
white lead hydroxide, Pb(OH), (di- 
valent lead) that is precipitated. Like 
litharge the hydroxide is amphoteric 
and will react with both acids and 
alkalies. When an excess of alkali is 
added, the precipitated hydroxide 
dissolves. 

Lead compounds are well known 
for their insolubility in water. Lead 
nitrate and lead acetate are two 
exceptions, but unlike many sulpha- 
tes, lead sulphate is insoluble. 

Great care must be taken in hand- 
ling lead compounds because they are 
very poisonous. The poison is cumu- 
lative because the elimination via the 


Radio-isotopes being handled by remote control. Blocks of lead shield the man from their 


harmful radiation. 


kidneys is very slow. 

Industrially, the most important 
lead compound is lead tetra-ethyl. 
Small amounts of this liquid are added 
to petrol to act as an anti-knock and 
increase the efficiency of the engine. 

Most of the 2,000,000 tons annual 
consumption of lead is used in the 
metallic form, not as its compounds. 
Sheets of lead are used for roofing, in 
particular for protecting awkward 
joints where the water might seep in. 
Because of its large atomic weight, 
lead is an excellent absorber of X and 
gamma rays. Thick slabs of lead are 
used by workers handling radioactive 


THE RED LINES SHOW 
THE POSITIONS OF THE 
ATOMS - THEY ARE NOT 
BONDS. 

The atoms in solid lead are arranged in 


this face centred cubic structure. 


materials to protect them from the 
harmful effects of radiation. For pro- 
tection against X-rays the lead may 
be only a few millimetres thick, but 
for strong gamma rays it may be 
several inches thick. 

Lead piping is made in a very 
interesting manner. Hot solid lead is 
forced through an aperture called a 
die. In the centre of this hole is a steel 
rod. The lead is forced through the 
hole to form a hollow pipe. A similar 
method is used for giving telephone 
and power cables a protective lead 
sheathing. 

Most motor cars have a lead accu- 
mulator or battery. The positive plate 
is made of lead dioxide and the 
negative plate of spongy lead. 

In the alloy form, lead is used 
together with tin to make solder. The 
exact composition depends on the 
type of solder required. 
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NATURAL AND 
ARTIFICIAL GURLS 


HAIR is a characteristic feature of 

a het mammals. Each hair is an out- 
growth of the skin and arises in a tiny 
pocket called a follicle. At the base of 
this pocket there is a small patch of 
connective tissue. This is the papilla or 
hair root. The hair shaft is formed from 
this patch of tissue. The main com- 
ponent of hair is a protein called 
keratin which, like all proteins, is 
made up of long chains of molecules. 
Keratin is a very stable compound 
and contains a high proportion of 
sulphur. 

In Man, the greatest development 
of hair is on the head. It may be 
naturally wavy or it may be straight. 
Wavy hair is associated with a flat- 
tened or oval shaped follicle when 
seen in cross-section. The follicle of 
straight hair is normally circular in 
section. The form of the hair, how- 
ever, is probably determined by the 
root. Whatever the cause of wavy 
hair, it has often been envied by the 
owners of straight hair, and it is not 
surprising that women have made 
every effort to curl their hair artifi- 
cially. 

Microscopic and X-ray examina- 
tion of hair has shown that the keratin 
chains are normally formed into coiled 
spirals; this arrangement is called 
a-keratin (alpha-keratin). When hair is 
stretched, the spirals are pulled out, 
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rather like a spring, until an almost 
straight chain is obtained. This form 
is 6-keratin (beta-keratin). The change 
is reversible and when the stretching 
force is removed, the «-condition is 
regained. The spiral arrangement of 
the keratin has nothing to do with the 
visible appearance of the hair. Under 
normal conditions both straight and 
wavy hair are made up of «-keratin. 

Perfectly dry hair will not stretch 
because, in the absence of water mole- 
cules, the keratin molecules cannot 
re-arrange themselves. Wet hair, how- 
ever, stretches very readily and this is 
the basis of artificial curling. 

The simplest methods, involving 
the use of pins and curlers, are only 
temporary measures and must be 
repeated almost daily. The hair is 
first wetted and then bound tightly 
on to rollers. This has the effect of 
stretching one side of the hair more 
than the other. The rollers or curlers 
must be left in place until the hair is 
dry. The reversion to z-keratin will 
then be hindered and, when the 
curlers are removed, the hair will 
retain the curl. Coarse, dry hair may 
retain the curl for several days, but 
fine hair may straighten within hours, 
especially in damp weather. Any con- 
tact with water will quickly remove 
the curls. The drying process is often 
speeded up with an electric drier, 
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especially when the hair has been 
‘waved’, by using rollers and clips. 

Stretching the hair sometimes has a 
more permanent effect. The chemistry 
is not well understood but it appears 
that stretching strains the links bet- 
ween the neighbouring keratin chains 
and tends to break these links. In 
cold water it is a slow process but an 
increase in temperature, or the addi- 
tion of alkali encourages breakage. 
New links develop and these tend to 
keep the hair in its stretched form, 
even when it is treated with cold 
water. Some degree of permanence 
has thus been obtained. By curling 
the hair when it is very hot, permanent 
waving can be obtained. This cannot 
be reversed even with boiling water. 

Such ‘hot perms’ are not used much 
now; the emphasis is on the so-called 
‘cold perm’ which uses alkali instead 
of high temperature. Several methods 
are in use but the commonest alkali 
used is ammonium thioglycollate. This 
breaks down the links between sulphur 
atoms of neighbouring chains. The 
hair is rolled on to curlers as desired 
and then, after washing to remove the 
chemical, is treated with a neutralising 
agent (for example a weak solution of 
hydrogen peroxide). The latter re- 
moves any remaining thioglycollate 
and, by oxidation, rejoins the keratin 
molecules in the ‘stretched’ state, but 
without strain. The hair is thus per- 
manently fixed into curls, and even 
after wetting and re-arranging, will 
tend to return to the curled state. The 
‘permanent wave’ survives until hair 
growth destroys the pattern. 


(Left) The root, follicle and shaft of a 
single human hair. (Right) A very dia- 
grammatic representation of the molecules 


of normal («) Keratin and the stretched ( @) 
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HE sap of many plants contains 

sugar which has been formed from 
carbon dioxide and water in a chemi- 
cal reaction known as photosynthesis. 
There are, however, two plants — sugar 
cane and sugar beet — which are culti- 
vated especially as a source of sugar. 
But different as these two plants are, 


arvesting sugar cane in Jamaica. 
; 


the chemical constitution of the sugar, 
or to be more precise the sucrose, 
extracted from them is the same. 
Sugar cane is a type of grass, 
Saccharum officinarum, which grows in 
tropical countries where the rainfall 
is heavy, while sugar beet, a variety 


of Beta vulgaris, is cultivated in the 
temperate zones of the world, 
notably Europe and North America. 
As cane sugar is found in the stem of 
the plant while sugar beet is a root 
crop, different methods are used for 
extracting the sugar. The world cane 
sugar industry produces 25 million 
tons of sugar annually, as compared 
with the beet sugar industry with an 
output of 15 million tons. 

The sugar cane grows to about 12 
feet in height and is generally harves- 
ted by hand, though machines are 
now being developed to do this work. 
The cutters sever the stems as near 
to the ground as possible, and trim 
off the leaves. The canes are cut 
into shorter lengths before being trans- 
ported to the factory. The ‘stools’ 
which remain in the ground will 
throw up fresh canes in the following 
year, and it is usually possible to cut 
two or three crops from the same 
canes before it is necessary to plough 
up a field and plant fresh seedlings. 


Factories where the raw sugar is 
extracted from the cane have to be 
close to the fields as the crop 
deteriorates rapidly after it has been 
cut. The first step on arrival at the 
factory is to feed the cane into the 
crushing mill. Here shredding knives 
or crushing rollers break through the 
hard rind which protects the more 
tender fibres inside the stalk. Juice is 
then squeezed out of the canes by 
passing them through a second series 
of rollers which are held together by 
hydraulic pressure. The yield of juice 
is increased by periodically spraying 
the fibres with water. The fibrous 
residue is not wasted — it is frequently 
used as boiler fuel. 

Cane juice contains between 8% 
and 21% of sugar while impurities 
account for a further 24%. The re- 
mainder of the juice consists of water, 
which is eventually eliminated by 
evaporation. But first lime is added 
as a means of removing the impurities 
as a scum which can be skimmed off 


Harvesting sugar beet in England. 


Raw sugar being unloaded from the hold 
of a ship. 


the hot liquor. The water content of 
the clear cane juice is then reduced by 
heating it in a system of multiple- 
effect evaporators. This series of steam- 
heated vessels is so arranged that 
steam first enters the heating jacket 
of the evaporator containing the most 
concentrated solution. It loses some 
of its heat there in heating and driving 
off water from the solution. There is, 
however, enough heat left in the 
steam to drive water off the weaker 
solutions when it passes through the 
other evaporators. 

Once the concentration of the sugar 
in the clear cane juice has been raised 
by heating in the evaporators, sugar 
crystals can be obtained by boiling 
the concentrated juice in steam-heated 
vacuum pans. Crystals of the brown 
raw sugar are finally separated from 
the residual syrup or cane molasses by 
spinning the mixture of crystal and 
syrup in centrifugal machines. The 
latter work on the same principle as 
the spin drier. The syrup is thrown 
out through the fine mesh ‘basket’ of 
the centrifuge while the crystals are 
retained. (The molasses is used as a 
source of sugar in making rum.) 

Although the raw sugar is extracted 
from the cane in factories close to the 
fields where the sugar cane grows, the 
process of refining the raw sugar is 
often carried out many hundreds of 
miles away. 
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Beet Sugar 


This is more expensive than cane 
sugar to grow and extract but it can 
be cultivated in temperate climates 
such as that which prevails in Britain. 
By this means a country is less depen- 
dent upon imported cane sugar. 

The seeds are sown in the spring 
and the beet can be harvested from 
September onwards. Since beet is a 
root crop, earth is a major con- 


taminant of the raw beet particularly if 


the ground is wet, and possibly water- 
logged, at the time the beet is lifted. 
Some of the dirt is removed by 
shaking the beet before it is loaded. 
The green foliage and tops of the beet 
are also removed before the crop 
leaves the farm. 

On arrival at the sugar factory the 
beets are loaded into a large concrete 
storage hopper, from whence they are 
taken as required. Soil and other 
contamination which is still adhering 
to the beet is washed off with water. 

After weighing, the clean beet is 
fed into the slicing machine which 
cuts the beet into thin strips. Once 
the beet is cut, work can begin on 
extracting the sugar-laden juice. In 
the diffusers the slices of beet soak in 
hot water and the sugar diffuses from 
the plant cells into the surrounding 
water by a process known as osmosis. 
Provided the concentration of the 


Raw cane sugar being mixed with raw syrup. 


sugar in the water is lower than the 
concentration in the plant cells, the 
sugar will pass outwards into the 
water. To improve the efficiency of 
this process fresh water enters the 
diffusers containing the exhausted 
slices. As well as dissolving out the 
sugar in the beet, some impurities 
also enter the raw juice at this stage. 

The raw juice is pumped through a 
pair of carbonation tanks where it is 
treated with lime and carbon dioxide. 
The insoluble calcium carbonate 
which is formed brings down with it 
some impurities which are still present 
in the juice. After passing through 
each tank, the precipitated impurities 
in the juice are removed by filtration. 
The juice is then treated with sulphur 
dioxide and filtered again. 

The resultant liquor, or thin juice 
as it is called at this stage, enters a 
sequence of evaporators where its 
bulk is greatly reduced as a conse- 
quence of the evaporation of water. 
Economy in the use of steam is 
observed in these evaporators, just 
as heat energy is conserved in the 
evaporation of cane juice. 

The temperature of the juice is 
then raised to boiling point. The 
sugar concentration of the juice rises 
steadily as more and more water Is 
boiled off. After a time the solution 
becomes saturated and small sugar 
crystals begin to form. As with all 


Vacuum pan in which the refined sugar 
liquor is boiled to the required crystallisa- 
tion point. 


stages in the process, economy is 
observed in the use of the steam. The 
boiling point of the juice is lowered 
by maintaining a vacuum over the 
boiling pans (the boiling point of a 
liquid falls when the pressure over it 
is reduced.) 

The sticky viscous mass of sugar 
crystals and concentrated juice (syrup) 
is then separated in centrifugal 
machines in much the same way as 
the raw cane sugar is recovered from 


the cane juice. A further crop of sugar’ 


crystals can be obtained from the 
residual syrup by diluting it with a 
small volume of water and re-boiling. 

Very little is wasted in the manufac- 
ture of sugar — the slices of beet from 
which sugar has been extracted are 
dried and sold as animal feeding 
stuff. The lime cake which collects 


Intervor of a centrifugal machine in which 
the sugar crystals are separated from the 
syrup. 


in the filters can be used for ‘sweeten- 
ing’ acid soils. 


Sugar Refining 

Before the sugar which has been 
extracted from cane or beet is ready 
for packaging as the familiar white 
granulated or cube sugar, it requires 
further purification or refining. But on 
arrival at the refinery the raw sugar 
must be weighed and sampled to 
determine the sugar content. 

The first step in refining is to mix 
the raw sugar with raw syrup from 
a later stage in the process. This serves 
to soften the molasses which covers 
the surface of the sugar crystals. This 
mixture of sugar crystals and syrup is 
then separated in centrifugal machines 
which rotate 1500 times a minute. At 
this stage, extra care is taken to remove 
as much of the adhering molasses as 
possible. This is achieved by washing 
the sugar crystals with controlled 
amounts of water. 

The raw syrup which passes through 
the perforated sides of the centrifuge 
basket still contains a useful quantity 
of sugar although the proportion of 
impurities is quite high. However, 
several more crops of sugar may be 
obtained by boiling the syrup in 
vacuum pans and separating sugar 
crystals from syrup in the centrifuge. 

Treated raw sugar is then dissolved 
in hot water and strained to remove 
any large pieces of insoluble matter. 
Sugar which has been recovered from 
the raw syrup is added at this stage as 
well. The liquor is once again treated 
with lime and carbon dioxide (in the 
carbonation tank). All the solid matter 
is then removed by filtration, leaving 
clear amber-coloured filtrate. 


CENTRIFUGAL 
~ MACHINE 


Charcoal, and in particular animal 
charcoal, has a rather special property 
of removing colouring matter from 
solutions by a surface reaction known 
as adsorption, and it is this technique 
which is used in removing the amber 
colour from sugar liquor. This is done 
in vertical cylinders or cisterns which 
are packed with small pieces of char- 
coal. 

Finally the crystal clear liquor is 
ready for the pure sugar to be re- 
covered from it. Once again the liquid 
is boiled in vacuum pans, but at this 
stage greater care must be taken to 
ensure that some sugar does not de- 
compose through overheating, for this 
will cause discoloration of the product. 

The boiling of sugar is a very skilled 
occupation. The pansman must judge 
when the concentration of the boiling 
syrup is correct. He will then add a 
few small crystals of sugar. By care- 
fully adding extra liquor the pansman 
controls the growth of the crystals. 
When the pan is thought to contain 
enough of the correct size of crystal 
the steam is shut off and the vacuum 
on the pan broken. 

To obtain granulated sugar the 
sugar crystals are separated from the 
syrup in centrifugal machines. The 
crystals are then washed with water 
and dried by allowing them to cascade 
down an inclined cylinder against a 
current of hot air. 

Sugar is sold in other forms in 
addition to ‘granulated’. Other sizes 
of crystals are obtained by stopping 
the boiling in the vacuum pans at a 
different stage. Various processes, too 
detailed to be described here, are 
used in making cube sugar and other 
special grades. 
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PALAEONTOLOGY 


The Finding of Dinosaur Eggs 


N 1923 a member of the American 

Museum of Natural History expedi- 
tion to a red sandstone area of the 
Gobi Desert in Mongolia stumbled 
across a complete nest of fossilized 
dinosaur eggs. These had been laid 
towards the end of the Cretaceous 
Period, about 80,000,000 years ago. 
They lay near the surface partly 


cif ah PST TT 


(above) The skeleton of Protoceratops. 
(below) the discovery of a nest of Proto- 
ceratops eggs. ae 


exposed by millions of years of erosion. 
On a previous expedition part of an 
eggshell had been found, but this 
later chance discovery, hundreds of 
miles from the nearest inhabitants in 
a desert area which is more than ten 
times the size of Great Britain, had 
surpassed all expectations. Here, at 
last, was startling proof that at least 
some dinosaurs laid eggs. Not only 
that, this particular dinosaur, Pro- 
toceratops, laid its eggs (fifteen or more 
of them) in a nest in much the same 
way that turtles and many birds lay 


their eggs today. 

The brick-red rocks in which the 
eggs were found consist of fine red 
grains of sand. They are soft and 
crumbly and undoubtedly were for- 
med from sand blown by the wind. 
Mongolia must have been a very dry, 
hot desert when Protoceratops was alive, 
with sand-storms such as there are in 
deserts today. Probably the eggs were 
covered too deeply by the drifting 
sand for the heat of the sun’s rays to 
hatch them. They became embedded 
more and more deeply until, by the 
continuous pressure of the great weight 
of sand above them, the sand around 
them became compressed to rock. 
Meanwhile, the eggs themselves had 
been replaced by sand and so were 
fossilized. Conditions in Mongolia 
were ideal for forming fossils and it 
is an ideal place to look for them. 
There would have been very little 
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water, and air undoubtedly was kept from the animal 
remains by the drifting sand, so that decay would have 
been prevented. Also, little of Mongolia has been sub- 
merged since Protoceratops became extinct, so that sedi- 
mentary rock (rock formed underneath water) has been 
laid down over the sandstone in only a few places. 

Protoceratops lived then in desert conditions. ‘There were 
probably a few streams or ponds, since turtle fossils have 
been found in the neighbourhood, and the tail skeleton 
of Protoceratops suggests that it spent part of its time in the 
water. Its horny beak and the few teeth it had suggest 
that it was a plant-eater, perhaps plucking the leaves and 
branches off the desert shrubs. Besides leaving the water 
to eat, it also laid its eggs in pits which it dug in the sand 
dunes. The eggs were laid in circles with the large ends 
pointing into the middle of the nest. Each egg had a hard 
shell. 

The bones found near the nest were carefully pieced 
together. Complete skeletons were made of both adults 
and young. Protoceratops was only about six feet long when 
fully grown. It was the forerunner of the great horned 
dinosaurs. On the back of its head was a large bony frill 
to which the jaw and head muscles were attached. It also 
protected the otherwise vulnerable neck. 

The remarkable discovery of part of the skeleton of an 
ostrich-like dinosuar, Oviraptor (or ‘egg-stedler’), on a 
nest of Protoceratops eggs suggests that this creature was 
actually in the act of stealing the eggs. Unfortunately only 
a small part of the Oviraptor skeleton was preserved, but 
this was so similar to other ostrich-like dinosaurs that 
Oviraptor probably looked very much as it is shown in the 
illustration. 
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Protoceratops rushes to defend its eggs 
from the greedy clutches of Oviraptor — 
the egg-stealer; an artist’s impression 
of life in Mongolia about 80,000,000 
years ago. 
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OPTICS 


The gentle currents of warm air, rising 
from the fingers into still air, can be 
detected on a schlieren photograph. 


A schlieren photograph shows the 
turbulent currents in a Bunsen flame. 


The air-flow pattern from a hot solder- 
ing iron. The object appears as a 
shadow image on the schlieren photo- 
graph. 
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HE air around a hot flame is 

heated, and it rises upwards in 
turbulent eddies. Tiny particles 
rising with the flame may reveal the 
pattern of flow of the air, but for the 
most part it is invisible. Schlieren 
photography is a_ relatively new 
method of investigating gas flows. On 


a schlieren photograph the eddies of 


air rising above a hot flame become 
patterns of light and dark. 

Their best known use 1s in recording 
the shockwaves in the air flowing 
around high-speed aircraft. Schlieren 
equipment has become an almost 
indispensable part of a high-speed 
wind-tunnel apparatus. 

A shock wave is a region where the 
pressure and density of the air change 
very abruptly. The optical properties 
of the air change too. Its refractive 
index changes suddenly. This implies 
that light entering the shock wave at 
an angle is bent, or refracted. 


As the shock wave is a region of 


highly compressed air, and is denser 
than the air the light rays have just 
left, its refractive index is greater. 
The light rays are bent towards the 
normal (the normal in this instance 


is a line at right angles to the front 
of the shock wave). If the refractive 
index were less, the light would be 
bent in the opposite direction (1.e. 
away from normal). 


Light passing at an angle from one 
transparent medium to another is bent, or 


refracted. 


TORS 


Either towards the 
normal (e.g. air to 
glass, water, or 
denser air). 


Or away from the 
normal (e.g. denser 
air, water or glass 
to air). 


Schlieren photography is essentially 
a process in which light bent in one 
direction finally reaches the photo- 
graphic film while light bent in the 
other direction does not. The amount 
of light reaching the film varies, so 
it produces a varying pattern of light 


Light from the source reaches the first mirror, is reflected across to the second mirror, 
which reflects it on to the back of the camera. The operator looks at the camera image 
while adjusting the apparatus. The two mirrors are 28 feet apart, and this large distance 
allows high-temperature gas burning experiments to take place in the schlieren field 


(between the mirrors). 


and dark to correspond to the refrac- 
tive index changes. 

The schlieren method was. first 
developed in Germany, and ‘schlieren’ 
comes in fact from a German word. It 
means, roughly, having a varying re- 
fractive index. Optical systems for pro- 
ducing schlieren photographs are 
usually tailor-made to fit each indi- 
vidual application. 

All start with an intense source of 
light. A condensing lens collects and 
bends the light, bringing it to focus 
at a sharp-knife-edge (the edge of a 
safety-razor blade). The knife-edge 
gives the beam a _ well defined 
boundary. 

The rest of the light passes on to 
the schlieren lens. If there is no distur- 
bance in the air, and its refractive 
index is constant over the entire light 
path, the schlieren lens simply forms 
an image of the light source. The light 
then is brought on to a photographic 
film by the objective lens (the lens of 
the camera taking the schlieren photo- 
graphs). 

A second knife-edge is placed at 
the point where the schlieren lens 
forms the image. When there is no 
disturbance, this knife-edge does not 
affect the light reaching the film. But 
a disturbance in the refractive index 
of the air in the region between the 
schlieren lens and the image may 
deviate the light rays. 

If the refractive index of the air is 
decreased at one particular point, 
then light will be bent further inwards 
towards the centre of the beam. This 
ray of light is stopped by the knife- 
edge. No light from this particular 
point can reach the film and blacken 
it. 

If, on the other hand, the refractive 
index of the air is increased, the rays 


Colour Schlieren Photography 


SCHLIEREN LENS 


RAYS BLOCKED BY 
THE CANDLE WHICH 
THROWS A SHADOW 
ON THE SCREEN 


THIS RAY IS BEING BENT SHADOW 

IN THE SCHLIEREN FIELD IMAGE 

SO THAT IT REACHES THE 
REEN 


| 


SECOND 
EDGE __SCREEN 


One of the light rays is being bent in the schlieren field so that it misses the second knife- 
edge, and joins the rest of the light on the screen. If it were bent in the other direction, it 


would be stopped by the knife-edge. 


Most practical systems use mirrors instead of lenses. The schlieren field is mid-way 


between the mirrors. 


are bent so that they miss the knife- 
edge and are focused by the objective 
lens on to the film. There the rays 
reinforce the overall intensity of illu- 
mination. 

Whether light rays are added to or 
subtracted from the light reaching the 
film depends on whether the refractive 
index is increased or decreased. A 
changing refractive index can cause 
light to be added or taken away. 
Because of this it produces a pattern of 
light and dark which the camera can 
record. 

The disturbance is set to take place 
in a region called the schleren field. 
This lies between the schlieren lens 
and the second knife-edge, and is the 


The schlieren system can be slightly modified so that refractive index changes are 
turned into colour changes, instead of into patterns of light and dark. The second knife- 
edge is replaced by a slit which allows through light of only one colour. If there are no 
changes in refractive index, the background colour of the film is greenish-yellow. Where 
the refractive index increases, the film is tinged with yellow and red. 

SHOCK WAVES RECORDED —AS THE SPEED OF AIR-FLOW 


BY SCHLIEREN AROUND THE MODEL 
PHOTOGRAPHY — ; IS INCREASED 


position where images are brought 
into sharp focus on the film. A solid, 
opaque object set in the schheren 
field is reproduced as a sharp shado 
on the film. 

In most schlieren systems attached 
to wind tunnels, a concave mirror is 
used instead of the schlieren lens. The 
best systems utilise two mirrors, one 
placed on either side of the schlieren 
field, which lies midway between 
them. This has the advantage that 
parallel rays of light pass through the 
schlieren field, forming a_ sharper 
image. In other systems light rays are 
reflected by the mirrors twice or more 
times across the schlieren field. They 
undergo two or more changes in 
refractive index, and the refractive 
index is increased. 

A schlieren photograph can disclose 
the currents of heated air rising from a 
person’s fingers, where the tempera- 
ture changes may be as small as 5°C. 
At the other extreme, shock waves in 
the exhaust of liquid-fueled rockets, 
where the overall temperature may 
be 2,500°C, can be recorded. Changes 
in temperature can actually be 
measured by inspecting the photo- 
graph. 
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BIOLOGY 


BEAVERS 


Animal 
Engineers 


ANY animals perform elaborate 

feats of construction, manipulat- 
ing their surroundings so that they 
have somewhere to rear their off- 
spring, store food, hide from enemies 
and shelter from the elements. But 
none constructs on the same scale as 


beavers. These creatures, some three : 
feet long and weighing about forty - 


pounds, are able to build dams up toa 
hundred yards long and twelve feet 
high. They fell trees several feet in 
circumference, construct canals a fifth 
of a mile or more in length along 
which they float logs and branches, 
and build elaborate ‘air-conditioned’ 
houses with underwater entrances. 
They may also dig into the banks of 
streams forming intricate networks of 
tunnels many feet long. 

However, though these feats are 
impressive and _ suggest intelligent 
action, often the dams are not built 
in the most suitable places and beavers 
have been observed to spend many 
hours unnecessarily reinforcing com- 
pleted dams and_ building others 
nearby for no apparent reason. There 
seems to be an inner compulsion for 
beavers to dam running water and to 
carry out ‘repair’ work. 

Species of beaver 

There are two species of true 
beavers (the Mountain beaver is not 
related), the European beaver (Castor 
fiber) and the Canadian or North 
American beaver (Castor canadensis). 
They are so similar that it is doubtful 
if they are in fact separate species. 
The North American beaver is widely 
distributed over northern parts of the 
United States of America and Canada, 
but the European beaver is one of 
Europe’s rarest mammals being found 
in any numbers only in Southern 
Norway. The habits of the two species 
are similar but the European beaver, 
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in areas where it is scarce, tends to 
live in burrows made in river banks 
and does not perform the elaborate 
building activities of its North Ameri- 
can cousin. 
Characteristics 

The beaver’s streamlined body is 
highly suited to fast underwater swim- 
ming. A characteristic feature is the 
broad, flat, scaly tail, often a foot long 
and dark grey-brown in colour. This 
versatile structure acts as an oar anda 
rudder, a prop to lean on, and when it 
is slapped rapidly on the surface of the 
water it informs others of approaching 
danger up to a distance of half a mile. 
The front limbs are folded backwards 
under the chest when a beaver is 
swimming. Only the upper part of 
the head remains above water. Move- 
ments of the hind limbs propel it 
along. The toes of the hind limbs are 
webbed. A beaver is able to remain 
submerged for as long as a quarter of 
an hour. Its fur is two-layered, an 
inner fine layer—the beaver skin 


that is so highly valued by the fur 
trade — and an outer layer of longer 
coarse protective hairs that grow out 
beyond the inner hairs. The ‘grain’ 
of the hair is from front to rear so 
the friction between body and water 
in swimming is kept to a minimum. 

Beavers are best known for their 
engineering activities. Their tools are 
four sharp, orange-yellow front teeth, 
used as chisels, and the fore feet 
which are equipped with sharp tough 
claws and used for burrowing. The 
toes of the fore feet are not webbed 
and can be used in a similar manner 
to our fingers to grasp logs and 
branches. They are their trowels as 
well, for the beavers spend much of 
their time stopping up gaps in the dam 
and cementing branches together with 
mud. 
Building activities 

The dam is built across a stream to 
form a pond for the house or lodge 
site. The beavers work above the dam, 
which is constructed of logs, branches, 


(left) An adult beaver. In felling a tree the beaver props itself up on its tail, with its hind 
legs spread apart and the claws of the forefeet grasping the trunk. The upper front teeth 
dig into the bark and grip the trunk of the tree whilst the lower ones chisel out chunks of 
wood. (above) A beaver pond showing the dam, lodge cutaway and several beavers at 


work. (inset) A plan of the pond. 


stones and mud, in an area where 
there are ample supplies of the trees 
from which they eat the bark. These 
include poplar, aspen, cotton-wood 
and willow. 

The lodge may be built on the edge 
of the pond or on a natural small 
island. Sometimes it is built round a 
small, bushy tree. It is a domed 
structure constructed of piled-up 
branches cemented together with 
mud. Often it rests on a foundation of 
boughs and mud which may itself rest 
on a layer of peat and moss. Only 
the branches making up the walls are 
cemented together; the domed roof 
consists of uncemented branches so 
that the hollow chamber within is 
properly ventilated, even in the depth 
of winter. The floor of the chamber is 
always a little above the level of the 
pond and may be stepped so that the 
sleeping ‘quarters’ are above the wet 
openings of the entrance and exit 
tunnels. They provide access to the 
underwater store of branches and to 


the rest of the pond. The tunnels go 
underground for a short distance 
opening underwater into the pond. 
In felling a tree the beaver props 
itself up on its tail, with its hind legs 
spread apart and the claws of the 
forefeet grasping the trunk. The front 
teeth gnaw their way through the 
bark into the wood. Large chunks are 
torn out until eventually the tree falls 
over. The beaver does not control the 
direction in which the tree falls by 
cutting on a particular side, for 
beavers are known to have been killed 
by falling trees. The trunk is cut into 
shorter lengths — five feet or so, the 
length depending on the distance 
that the logs have to be moved — and 
the logs are dragged into the water 
and floated downstream to the site of 
the dam. The logs and branches cut 
are green and so they sink readily. 
They are weighted down with stones 
and mud, being laid parallel to the 
flow of the stream, though the current 
may disturb them. The finished dam 


holds back the water so that it is 
sufficiently deep for the beaver to 
enter its lodge and reach its under- 
water food store in winter when the 
pond is frozen over. A gap ensures 
that excess water flows away out of 
the pool so that its level stays the 
same. Several dams may be built 
down-stream of the lodge and one or 
more may be built up-stream. The 
beaver uses branches and logs for 
building the dam and the lodge and 
also keeps a store near the lodge on 
the pond floor for its winter food 
supply. Mud and sticks are packed 
between the larger branches to plug 
any holes. The beaver often builds 
canals to facilitate the transport of 
logs over long distances. 

Social groups 

Each pond is inhabited by a small 
family group of up to twelve indi- 
viduals. The group often consists of 
one male and female together with 
their last two litters. The young 
mature in their third year and are 
then expelled from the social group. 
The arrangement of the group is 
probably the same in the European 
beaver. It is thought that each group 
acts as a whole in defending the pond 
and its immediate vicinity against 
enemies. 

The mature males and females pair 
between January and early March 
and the young are born from May 
onwards, the numbers varying from 
one to eight (average three to four). 

Beavers eat mainly the bark of 
trees (especially those mentioned pre- 
viously), but in summer their diet is 
supplemented by young shoots, roots 
and also leaves. 

The beaver’s pond provides a home 
for many other creatures — fishes, 
frogs, waterbirds and small mammals 
such as musk-rats. Man regards it as 
an efficient firebreak and a ready 
supply of water for fighting forest 
fires. The ponds also help to conserve 
water that would otherwise flow away 
from the vicinity and they help regu- 
late the flow of flood waters, thus 
slowing down erosion. 

The beaver is a clumsy animal on 
land but in water only the otter is 
his master. The pond is his sanctuary 
therefore, a moat surrounding his 
island fortress, the lodge. 
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MATHEMATICS 


THE DIGITAL COMPUTER 


N a digital computer, information 

contained in a punched paper tape 
is accepted by a high-speed ‘reader’. 
This pattern is translated into electri- 
cal pulses which travel at the speed of 
light into different sections of the 
computer. When the tape has run 
through, the operator presses several 
keys on his control desk in succession 
and checks that the information has 
been correctly accepted. Finally he 
presses a key to start the calculation, 
and can sit back and await the solu- 
tion to the problem. Calculations 
which might occupy several workers 
in an office for the whole week will now 
be completed within the hour! More 
difficult sets of calculations might 
require the operator to feed in further 
information during the course of the 
calculation. 

The speed of operation, the ac- 
curacy and ability of the digital 
computer to perform very complicated 
calculations are the main reasons for 
its widespread use. Nevertheless, the 
computer, by breaking down compli- 
cated calculations into a number of 
stages, deals with the information in a 
simple way. 

To calculate the answer to a 
mathematical problem, a human 
being has normally to break down the 
problem into several stages, and deal 
with them one by one. For example, 
suppose it is required to calculate the 
answer to the problem (13 x 17) — 
(12 x 11). To work this out he goes 
through the following stages of the 
calculation one after another :— 

1) he reads the problem — for the 


operator this is easy, since it is 
written using conventional mathe- 
matical symbols in a language he 
can understand. 

2) he decides how to carry out the 
calculation i.e. he decides that 


first he will multiply 13 x 17, 


NUMBERS AND 
INSTRUCTIONS 


INSTRUCT 
— IONS 


Basic Operation of Digital! 
Computer 


The input unit converts the information 
(numbers and instructions) into code 
which is understood by the computer. 
The instructions are fed to the control 
unit which ensures that the required 
operations are carried out in the 
correct sequence. The numbers are 
sent to the arithmetic unit where they 
are dealt with (e.g. added or multiplied 
together) in accordance with instruc- 
tions received from the control unit. 
The result is then fed back to the 
storage unit. Here it may be retained 
until used, together with the result of 
a further set of numbers and instruc- 
tions, or sent to the output unit where 
the final result is printed out. 


then 12 x 11, and then he sub- 
tracts the second product from 
the first; 

3) he multiplies 13 x 17 and writes 
down the answer on paper — this 
in effect stores his answer for later 
reference; 


1) he multiplies 12 x 11 in his head 
and writes down this answer on 
his piece of paper — in this stage he 
has called upon his own memory to 
remember his 12 times table; 

5) he subtracts, on paper, the second 
answer from the first, and 

6) he writes down his final answer so 
that he and other people are able 
to read it. 

If a computer is asked to perform 
the same calculation it has to go 
through all these steps in the same 


way: 
1) the operator prepares the prob- 
lem in a language the machine 


can understand 

2) the method of carrying out the 
calculation is decided upon by 
the human operator, and instruc- 
tions prepared for the machine — 
again in language understood by 
the machine. 

The information prepared in stages 
1) and 2) is then fed into the com- 
puter. This information is called the 
programme for the computer. 

3) The calculation 13 x 17 1s per- 
formed by a multiplier circuit in 
the computer and the answer fed 
into a temporary store. 

4) The product 12 x 11 is calculated 
by the computer (as in stage 3), 
and stored in the temporary store. 


5) The computer takes the numbers 


stored in the temporary stores in 
stages 3) and 4), and subtracts 
one from the other. 

6) The final answer is presented to 
the operator by the output 
machinery of the computer. 


A medium sized general purpose digital 


computer. The input unit on the left is fed 
with punched paper tape. The calculations 
are carried out by the computer unit which 
is controlled from the desk, and the results 
are printed out by the teleprinter, on the right. 


the operator. Stages 3), 4), and 5) are 
performed at high speed by the elec- 
tronic circuitry of the computer, and 
stage 6) is performed by the output 
machinery. 

From this example is it obvious that 
the computer is capable of performing 
a calculation at very high speed once 
the problem and also the instruction on how 
to perform the calculation have been fed 
into the computer. Inside the com- 


A magnetic drum main store of a digital 
computer. 


Stages 1) and 2) are performed by 


puter the various numbers and in- 
structions appear as electrical pulses 
arranged in different ways. The input 
machinery must therefore transform 
the numbers and orders received 
from the operator into an arrange- 
ment of electrical pulses which the 


Storage Unit 


The succession of electrical pulses from 
the input unit is stored in the storage unit 
of the computer. In many computers the 
main part of this store is a magnetic drum, 
which is simply a metal cylinder coated on 
the outside with a magnetic material. The 
drum revolves at about 5000 revolutions per 
minute, and recording and reading heads are 
situated on the side and are able to move up 
and down the drum. The recording head is 
pulsed electrically and the information 
placed in a narrow band around the drum as 


job. 


computer can understand and deal 
with. This programming of the computer 
is sometimes a long and difficult 


An essential part of a calculating 
machine is the arithmetic unit, which 
contains separate elements able to 


it rotates, rather like a tape recorder is used 
to record sounds. There may be, in fact, 
several recording and reading heads attached 
outside the drum. Any one of these heads 
may be used at a time, and each head is 
capable of being moved to one of several 
positions. To read off information, the read- 
ing head plays back the pulses from the 
appropriate narrow band of information. It 
is possible to have several hundreds of these 
narrow bands of information on a drum only 
a few inches high. 
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Decimal: 0 | 
Binary: 


The ‘Code’ of the Digital 
Computer 


The information which the reader 
sends out is in the form of a series of 
electrical pulses from the punched card 
or tape. These pulses have to represent 
numbers which are fed in by the 
operator. It is clear that when an 
electrical pulse is received it can be 
made to represent the number ‘I’, and 
when there is no pulse it can be made 
to represent the number ‘0’. This 
would mean that a succession of pulses: 


io 0 CLs peed BSR. PROT re a 
would represent the number 
100101010001. 


In the binary code used in many com- 
puters, this kind of number is not used 
to represent the decimal: number 
100,101,010,001, but something quite 
different. 

The values of the smaller decimal 
numbers transformed into the binary 
code are: 

Y Aah Kae. eee see Some f 8 9 


Any number can be represented by 
means of a succession of ‘I’s’ and ‘0’s’ 
so that the pulses obtained from a suc- 
cession of holes in a piece of card or 
tape can be made to represent any 
number. This has enormous advantages 
from the point of view of designing a 
computer, because a ‘lI’ can, fe 
example, be transmitted by closing a 
switch letting the pulse through and ‘0’ 
can be represented by opening a switch 
and stopping it. 

In other words, all numbers may be 
represented by simple operation of a 
number of ‘ON/OFF’ switches or two 
state devices. 

A very large number of ON/OFF 
devices is used in a digital computer. 
The most complicated computers are 
built mainly from simple ON/OFF 
electric (or electronic) circuits. 

By using a large enough number of 
these switches and by arranging them 
in the correct way, two sets of pulses 
representing different numbers may 
be added together to produce a third 
pulse train representing the sum (in 
binary code) of the original two num- 
bers. Different arrangements enable 
subtraction, multiplication, | and 
division to be carried out. 


The basic circuits of the computer are 
usually constructed as packages. Each 
package is plugged into the cabinet 
which houses the computer. Here is 
shown a typical package. 
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In small digital computers the con- 
trol is set up by connecting the dif- 
ferent units of the computer by means 
of a plug-board before the pulses are 


add or subtract, multiply and divide 
numbers. Connected to this unit is a 
temporary store containing sections 
(sometimes called registers) to hold 
the answers to intermediate calcula- 
tions, which may be needed for further 
arithmetic operations later in the 
overall calculation. A main store is 
necessary for storing the programme 
before the calculation is begun, and 
for long and complicated calculations 
when a great deal of information 
must be stored. 

The programme is fed into the main 
store and the instructions on how to 
perform the calculation are received 
one at a time by the control unit which 
carries out the instructions. 

Two other units are required; these 
are the input unit through which the 
operator feeds the information for 
the problem into the computer, and 
the output unit, which prints the answer 
to the problem so that the operator 
may read it. 


fed in. The computer then operates in 
accordance with a pattern. In larger — 
_ computers the instructions are fed in 

as a succession of pulses, just as the 
~ numbers are. These instructions (which 
represent a succession of ‘ON/OFF’ 
pulses), find their way to the control 
unit which responds to the pulses, 
directing the machine throughout the 
whole process of the calculation. Com- 
plicated sets of instructions are broken 
down into series of electrical switching 
operations. 


The fastest operations in a digital 
computer are the simple arithmetical 
calculations of addition and subtrac- 
tion. In medium sized general purpose 
computers these would take much 
less than one thousandth of a second. 
Multiplication and division take some- 
what longer, though they are still 
performed in times of less than one 
hundredth of a second. 

Most of the time is taken up in 
extracting information from the main 
store. If it is a magnetic drum, it 
takes about one twentieth of a second. 
Usually other parts of the calculation 
can be performed at the same time so 
that this time is not wasted. 

Because computers are very expen- 
sive pieces of equipment, they are 
often run for 23 hours a day. During 
the other hour, routine tests are 
conducted. As a check, problems 
whose solutions are already known 
are fed in to the machine to see 


whether it gives the right answer. 


Sunspots 


VERY 11°1 years the Sun goes 
through a period of maximum sun- 
spot activity. Midway between these 
maxima, the Sun might appear with- 
out sunspots. Then spots start to 


appear in narrow zones at latitudes of 


35° north and south of the Sun’s 
equator. The spots grow more numer- 
ous, and the zones in which they 
occur, gradually move towards the 
equator. ‘Their number passes through 
its maximum, and dies down as they 
get within 8° of the equator. Almost 
immediately a crop of spots marking 
the start of the next sunspot cycle 
appears at latitudes 35° north and 
south. 

A sunspot is a dark patch on the 
Sun’s surface. The central part, or 
umbra, is surrounded by a not so dark 
part, the penumbra. The sunspot ap- 
pears dark because it is 1,500—2,000°C 
colder than the rest of the surface 
(which is at about 6,000°C). 

The reasons for the regular sunspot 


cycle are not known. The spot itself 


is probably caused by magnetic dis- 
turbances. 

The Sun’s core is a vast thermo- 
nuclear power-house. It produces 
energy which is carried outwards 
from the core into space. Much of the 
heat is carried out to the visible surface 
of the Sun, the photosphere, in convec- 
tion currents, as streams of intensely 
hot gas are pushed outwards and 
bubble over the surface. 

The gas is mainly hydrogen, and 


MAGNETIC FIELD 

Strong magnetic fields deprive part of the 
Sun’s surface of its supply of heat. The 
result is a cooler, darker region, the 
sunspot. 


STRON 


The darker region of the sunspot, the umbra 
is surrounded by a less dark region, the 
penumbra, and enveloped by wisps of 
hotter gas. Sunspots occur mainly in pairs, 
in definite belts (right). 


most of it will be ionized (electrons 
have been stripped off the atoms). 
The particles are therefore electri- 
cally charged, and their flow is akin 
to an electric current. Whenever an 
electric current flows, an_ electro- 
magnetic field is set up around it. 
Similarly an electromagnetic field is 
set up around the convection currents. 
Sometimes the electromagnetic field 
may get twisted, become particularly 
large, and repel the outward flow of 
the convection current. Heat is pre- 
vented from reaching the surface, 
which cools, appears darker and forms 
a sunspot. Strong magnetic fields have 
been detected around sunspots. 

Single sunspots are rarely seen. 
They usually occur in pairs or in large 
clusters. The magnetic fields from a 
sunspot pair act in opposite direc- 
tions, one behaving like a north mag- 
netic pole and the other like a south 
magnetic pole. 

Sunspots exist for about 20 days 
before disappearing. As the Sun rota- 
tes, they appear to move across the 


SUNSPOT 
BELTS 


Sun’s disc. The observation of sunspot 
movement was the first method of 
measuring the rate of rotation of the 
Sun. 

Sunspots appear in disturbed parts 
of the surface, and several other 
events may accompany them. Out- 
ward-flowing gases may be expelled 
right away from the Sun. They radiate 
an abnormal amount of ultra-violet 
light and X-radiation, which, on 
reaching the Earth’s atmosphere, 
cause a sudden failure in short-wave 
radio communication. About four 
days later, the expelled gases them- 
selves reach the Earth, where they 
cause magnetic storms and, in the 
upper atmosphere, Polar Aurorae. 
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| PHYSIOLOGY | 


THE ADRENAL GLANDS 


OOSELY attached to the upper side 

of each kidney there is a small 
yellowish mass of glandular tissue. 
This is the adrenal gland, also called 
the supra-renal gland. Although the 
combined weight of the adrenals is 
less than one ounce in an adult man, 
these glands play a very important 
part in the regulation of the body’s 
activity. 

Each adrenal is actually composed 
of two distinct parts, a central medulla 
and an outer, slightly larger, cortex. 
The origin and function of these two 
parts is very different. In fishes, the 
corresponding organs appear as separ- 
ate structures. Why the two should be 
so closely associated in the higher 
vertebrate animals is not clear. 


The Adrenal Medulla 

This, the central part of the adrenal 
gland, is derived from the embryonic 
nervous tissue and resembles nerve 
tissue in its action. The nerves supply- 
ing the medulla actually make contact 
with the cells and control their secre- 
tion. The main substance produced 
by the medulla is called adrenaline (or 
epinephrine). It is released, in response 
to nervous signals, when one experien- 
ces a sudden fright or mounting 


Mounting tension in a cat when faced with a 
dog or another cat results in release of 
adrenaline. The latter acts on the muscles 
of the hair roots and causes them to stand 
on end 


excitement. The action of adrenaline 
on the body is similar to that of the 
sympathetic nerves (those nerves that 
‘subconsciously’ control the working 
of the gut, blood system, and other 
internal organs). Nor-adrenaline, a sub- 
stance similar to adrenaline, is also 
produced by the medulla. The endings 
of the sympathetic nerves release 
nor-adrenaline and some adrenaline 
when they stimulate muscles. This 
supports the theory that the medulla 
is formed from modified nerve-cells. 
When adrenaline is released into 
the blood it is carried round the body 
and acts very rapidly. It causes the 
blood vessels supplying the skin and 
the gut to contract. This reduction in 
blood supply is responsible for the 
pale colour of a frightened person, 
and for the ‘empty’ feeling in the 
stomach. Blood vessels to the muscles 
enlarge under the action of adrenaline, 
and the heart-beat is accelerated. The 
liver is caused to release extra sugar 
into the blood and contraction of the 
spleen adds extra red corpuscles to 
the blood-stream. The result of all 
this is to reduce the rate of activities 
such as digestion but to allow the 
muscles and brain more fuel (sugar) 
and oxygen. The body is thus pre- 
pared to meet any sudden strain that 
might be imposed. For example, the 
action of adrenaline can be experien- 
ced through the increased heart-beat 


just prior to a big occasion (e.g. a 


race), or if one is forced to brake hard 
when driving a car. 

When a cat is confronted by a dog, 
or maybe another cat in fighting 
mood, its hair often stands up. This is 
also caused by adrenaline, acting on 
the muscles of the hair. The animal is 
prepared for fighting or sudden re- 
treat as the case may be. Thus the 
adrenal medulla can be regarded as 
an organ helping the body to adjust 
itself immediately to any sudden or 
imminent strain. 


The Adrenal Cortex 

This organ also aids the body in 
adapting itself to undue strain or 
stress but the action in this case is not 


immediate. The cortex originates from 
the wall of the body cavity, close to 
the origin of the kidney. It is made up 
of groups and strings of cells containing 
large numbers of fatty droplets. The 
cortex is not like the nervous tissue of 
the medulla. If part of the cortex is 
removed, it will regenerate and re- 
gain its normal size. This does not 
happen with the medulla. The cortex 


A 


Under normal conditions (A) there is a 
delicate balance between the secretions of 
the pituitary and those of the adrenal 
cortex. When the body is exposed to abnor- 
mal stress (B) the tissues require more 
steroids and less reach the pituitary. More 
ACTH is then released and causes growth of 
the adrenals and greater steroid production. 


is more important to life than the 
medulla for its secretions control much 
of the body’s normal activity. The 
secretions of the cortex are fatty 
substances known as_ steroids. The 
mechanisms by which these substan- 
ces act are not clearly understood, 
but they appear to be concerned with 
respiration and energy production in 
cells in all parts of the body. They are 
especially concerned with the meta- 
bolism of carbohydrates and with the 
balance of inorganic salts in the cells 
and body fluids. 

The production of steroids by the 
adrenal cortex is not triggered off by 
nervous impulses but by chemical 
messengers (hormones) from the pituit- 


Increased power of the muscles and_ the 
pale face are just two of the results of 
adrenaline release in a sudden emergency. 
The gradual adaptation to low temperature 
and pressure are achieved as q result of the 
action of the adrenal cortex. 


ary gland. The main hormone con- 
cerned is adrenocorticotropic hormone 
hereafter called ACTH). Ina healthy 
person there is a delicate balance 
between the supply and demand of 
steroids from the cortex. The cells 
need more or less steroids according 
to the conditions. Prolonged cold, low 
air pressure, pregnancy, illness and 
many other features, all alter the 
demand for steroids. 

If there is more than the necessary 
amount of steroids in the blood, they 
will not all be used. Steroids returning 
in the blood to the pituitary will pre- 
vent the production of ACTH and 
thus the production of more steroids 
will be halted. Similarly, if not enough 
steroids are being produced, none, or 
only a low concentration, will reach 
the pituitary and ACTH will be 
released. This in turn causes increased 
production of steroids by the adrenal 
cortex. ACTH is also released by the 
action of adrenaline on the pituitary. 
Adrenaline therefore not only pre- 
pares the body for immediate action 
but also helps in the preparation for 
longer periods of stress. 

ACTH also induces growth of the 
cortex. If part of the cortex is removed 

for example, during an operation, 
the ACTH from the pituitary will 
induce the adrenal cortex to grow 
until it is back to its original size. Also, 
if one complete adrenal ceases to 
function, the other will grow until it 1s 
large enough to produce enough ‘ster- 
oids for the two glands. 

Without any adrenals there can be 
no adaptation to unusual conditions 
or strain, but life can be prolonged by 
injection of cortical steroids. It is 
interesting to note that during the 
recent ascent of Everest, and even 
more so on various orbital space 
flights, observations on adrenal func- 
tion have been carried out. The 
adrenals play an important part in 
adapting the body to withstand such 
unusual conditions. 


ELECTRICITY 


Superconductivity 


F a current is set flowing round 

a hoop of copper wire, it does 
not flow round for ever and ever, but 
instead gradually comes to a halt. 
An electrical pressure (voltage) is 
needed to keep the current flowing. 
This is because the wire offers op- 
position or resistance to the current 
flow. 

The current is a stream of electrons. 
In passing through, each electron has 
to battle its way past copper atoms 
which vibrate and dance in its path. 
As the temperature is lowered the 
atoms vibrate less and so the resis- 
tance to flow becomes smaller. From 


Because this ordinary metal wire offers 
a resistance to electricity a battery is 
needed to drive a current through it. 


VACUUM 
FLASK 


CURRENT 


BAR OF 
SUPERCON- 
DUCTING 
METAL 


When a loop of the same wire is placed 
inside a wire coil through which a pulse 
of current is passed, then a current 
pulse is induced in the loop. The loop 
is inside the changing magnetic field 
produced by the current in the coil and 
because of this, a pulse of current flows 
through the loop although the two are 
not physically connected. This is why 
the current is said to be induced. 

With an ordinary metal loop, this 
current dies quickly away. But in a 
block or loop of superconductor, the 
current flows for ever. 
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this, it would be expected that the 
resistance would steadily drop and 
finally become zero as it approached 
the lowest possible temperature, 0°A 
(-273°C). 

In the year 1911, the physicist 
Kammerlingh Onnes was experiment- 
ing at Leiden in the Netherlands with 
solid mercury under conditions of 
intense cold. First of all his experi- 
ments went according to theory with 
the electrical resistance. gradually de- 
creasing as it grew colder and colder. 
For the final cooling he used liquid 
helium. (Helium is one of the ‘rare’ 
gases and boils at the extremely low 
temperature of 4:2°A). 

To his great surprise, he found that 
at this temperature the mercury sud- 
denly lost all its resistance to electrical 
flow. When the temperature was 
raised, the resistance returned. As it 
was lowered again, it completely 
disappeared again at about 4:2°A. 
The mercury had become a supercon- 
ductor. Magnets would still be deflected 
by the field set up as a result of the 
flowing current hours after it had been 
set in motion. Onnes could find no 
trace at all of any remaining resistance. 

Since then, nearly every element 
has been tested for superconductivity, 
also many alloys and some compounds. 
An induced electric current has now 
been kept flowing round one super- 
conductor for over two years. It has 
been shown that only a few metals, 
alloys and intermetallic compounds 
behave as superconductors. Of the 17 
superconducting metals, the best 
known ones are lead, mercury, tin, 
aluminium, zinc and cadmium. Lead 
becomes a superconductor at 7:26°A, 
zinc at the much lower temperature 
of 0: 79°A. Further experiments have 
shown that the change from conduc- 
tor to superconductor is not absolutely 
abrupt but does in fact take place over 
several hundredths of a degree. 

At first sight it seems that a perfect 
means of storing electricity has been 
discovered but unfortunately this hope 
is a false one. Superconductors can be 
made to carry only very small cur- 
rents. When carrying large currents 


A superconducting alloy magnet being 
removed from a vessel of liquid helium. In 
the helium, an electric current can flow 
round the alloy coil without resistance. 


they revert to being ordinary conduc- 
tors with the resistance they would be 
expected to have at that temperature. 
This also happens when they are 
placed under the influence of a large 
magnetic field. 

In 1933 two German scientists, 
Meissner and Ochsenfeld, showed 
that superconductors could be used to 
make very efficient, rapid ‘switches’ 
of the type used in digital computers. 
Superconductors can be very rapidly 
changed into normal conductors 
which have a resistance and back 
again simply by switching on and off 
a surrounding magnetic field. 

Superconductors can also be used 
as the memory devices in computers. 
Say the memory needs to remember 
the figure 5, a current of size repre- 
senting 5 is set up in a superconducting 
loop. As it has no resistance, the 
current remains the same size, storing 
the information for future use. 


FAMOUS SCIENTISTS 


JOSEPH 


LISTER 


Surgery with Safety 


LTHOUGH the introduction of 

anaesthetics in the mid-nineteenth 
century made possible a large number 
of operations, the survival rate of 
patients was very low. The reason was 
not bad surgery, but bacterial infec- 
tion of the tissues from the instru- 
ments and the surroundings. Such 
infection caused decomposition of the 
tissues, blood poisoning and death. 
Nowadays, every part of the body can 
be operated upon in complete safety. 
The development of the antiseptic 
method (the forerunner of modern 
aseptic surgery) was Lister’s contribu- 
tion to medical science. 

Born near London in 1827, Lister 
grew up in a scientific atmosphere. 
His father was a wine merchant but 
devoted much time to developing 
microscopic techniques. Young Lister 
took his degree at London and then 
studied medicine, qualifying in 1852. 
During the 1850’s he published the 
results of work on the muscles of the 
eye and of the skin. He also studied 
the role of blood capillaries in in- 
flammation of the tissues, and the 


One of Lord Lister's carbolic sprays. 
Steam generated in the brass container 
passed out through the nozzle, drawing 
with it a fine spray of carbolic from the jar. 


mechanisms of blood coagulation. 
This interest in physiology was not an 
end in itself, however; as his letters 
clearly show, Lister regarded it as a 
foundation for the surgical career on 
which he had set his heart. 

Lister’s first surgical post was as an 
assistant to Professor James Syme in 
Edinburgh. Then, after a spell at the 
Royal Edinburgh Infirmary, he was 
appointed Professor of Surgery at 
Glasgow University in 1860. It was 
here that his most important work 
was carried out. The hospital wards 
of which he was in charge had a bad 
record of gangrene and other similar 
infections. Lister continued his study 
of wound healing and inflammation 
and noted that simple fractures (those 
where the bone does not break through 
the skin) healed relatively easily. 
Compound fractures, where the bro- 
ken bone is exposed, were often fatal. 
Many people had thought that the 
formation of pus, and the putrefaction 
of the wounded tissue, was caused by 
the air itself, but Lister showed that 
this was not the case. He suspected 
that something carried in the air was 
the cause. 

A colleague at Glasgow drew Lis- 
ter’s attention to the work of Pasteur in 
France. Pasteur had shown that the 
souring of milk and wine was due to 
the action of tiny living organisms 
acteria) that were always present 
he air. Lister deduced that the 

trefaction of wounds was also due 
to micro-organisms and he set about 
finding a means of destroying them. 
Throughout his work Lister always 
acknowledged his debt to Pasteur and 
the two men became great friends. 

Lister chose carbolic acid as his 
antiseptic and first used it in an 
operation in 1865. He treated not 
only the wound (a fractured leg) 
with carbolic but everything that 
touched it — hands, instruments and 
dressings. He also used a carbolic 
spray to kill germs in the air. His 
‘Antiseptic System’ was a success but 


many people believed that Lister had 
merely discovered an antiseptic. Lis- 
ter claimed no such thing —he had 
not discovered carbolic acid, nor its 
antiseptic properties. What he had 
done was to show that wound infec- 
tion could be cured, and even more 
important, prevented. 

At the end of the 1860’s Lister 
returned to Edinburgh where he suc- 
ceeded Professor Syme in the Chair of 
Clinical Surgery. During this and 
later periods of his life he continued 
his researches on antiseptics and im- 
proved his methods. Another import- 
ant introduction of his was the catgut 
ligature which, unlike previously used 
materials is absorbed by the body. 
Lister himself was a very good and 
careful surgeon, paying close atten- 
tion to every detail. He developed a 
number of new techniques and several 
of his instrument designs are still in 
use today. 

During this time, Lister’s antiseptic 
system had gained wide acceptance, 
except in London, and it was with 
eagerness that he accepted the Chair 
of Surgery at King’s College in 1877. 
The success of his methods soon won 
him support among London medical 
people and Lister received many 
honours, becoming a peer in 1897. 
Lister died in 1912 but his name lives 
on in the Lister Institute of Preventive 
Medicine which was renamed after 
him in 1903. 
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These dots acted as a set of three 
filters. For example, blue light could 
pass through only blue dots to affect 
the silver emulsion behind, so that 
when the film was developed a series 
of dots was produced. Thus, the blue, 
green, and red records required were 
built up behind each set of blue, green 
and red lines of dots. When developed 
and reversed to form a positive image, 
the areas affected by the blue light 
would have no silver image present 
(because the spots of the negative will 
have «prevented exposure of these 
areas on the positive) to interrupt the 
passage of light and the filter element 
present on the plate would give a blue 
image. Combinations of all three 
colours would produce a coloured 
transparency. 

Although the various additive pro- 
cesses could give good results, they all 
suffered from similar disadvantages. 
The silver image remaining after pro- 
cessing considerably reduced the 
brilliance of the image on the screen, 
making a high powered lamp neces- 
sary for projection. Also the pattern 
of coloured dots or lines became 
noticeable on enlargement in the 
projector. 

Most modern systems of colour 
photography use the subtractive system 
in which the final image is made up of 
dyes only. This gives a much brighter 
picture and no pattern on enlarge- 
ment. Although the subtractive system 
was thought of in the early days of 
photography it has only come into use 
in fairly recent years. 

The films used in this process are 
made up of three light-sensitive layers, 
one upon the other. As far as possible 
each of these layers is made sensitive 
to only one colour. The top layer is 
made to respond to blue light, the 
second layer to green light and the 
third layer to red light. A yellow filter 
is incorporated between the blue and 
green layers to stop blue light from 
reaching the green layer which is 
sensitive to it. Green and red light can 
pass through. The yellow filter is used 
because it is not practicable to make an 
emulsion that is only sensitive to green 
and not to blue light. 

The film simultaneously records the 
blueness, greenness and redness con- 
tained in the subject. When the image 


James Clerk a" 
the first full colour Shee mage. 


is developed though, it is black and 
white with silver particles in each 
layer. For example, there will be a 
black deposit of silver wherever red 
light has fallen on the red-sensitive 
layer. To make a transparency, a 
positive is made from the developed 
film itself. The material is colour de- 
veloped in layers using dyes which affect 
each layer separately. The blue-sensi- 
tive layer is dyed yellow, the green- 
sensitive layer magenta and the red- 
sensitive layer cyan (blue-green). The 
silver is then dissolved. The parts 
which were once silvered become 
colourless and the other parts of the 
layer remain coloured. The silver and 
yellow layers together with any back- 
ing are removed leaving a full colour 
dye image. Blue is produced by a 
combination of blue-green and 
magenta which together absorb or 
subtract everything but blue light. A 
combination of yellow and magenta 
absorbs blue and green leaving only 
red light. The blue-green and yellow 
layers allow only green light to pass 
through. White is recorded by the 
clear areas of the film. Black is a com- 
bination of all three dye colours. 

Paper or plastic base prints can be 
made from transparencies by pro- 
jecting an enlarged image on a sheet of 
colour-sensitive paper rather similar 
in composition to the original film. 
The paper is developed in a similar 
fashion to the transparency. 

Using modern colour film it is pos- 
sible to produce very acceptable colour 
pictures quite simply without a great 
deal of technical knowledge. In 


general, colour films are not as fast or 
sensitive to light as are black and 
white films. It is therefore wise when 
using a cheap camera to choose 
reasonably bright weather for colour 
photography. Also there is less room 
for error in exposure time. 

Colour films record what they see. 
The human eye tends to adjust and 
compensate. For instance, shadows 
will appear much more blue in tone 
than the eye sees them. Pictures taken 
in the early morning and late evening 
appear to be too orange. 


Colour reproduction made from Maxwell’s 
blue, green, and red colour positives. 
(Below) diagrams showing how he built up 
this image. 


Subjects also appear to také up the 
colour of nearby areas. Someone 
photographed in green surroundings 
will appear to be slightly tinged with 
green because of all the green re- 
flected falling on him. Although the 
human eye can ignore this, the colour 
film cannot. 

Quite recently a special colour film 
has appeared on the market. In a very 
short space of time a colour print can 
actually be produced inside a special 
type of camera. 

There will no doubt be many im- 
provements in the future as a result of 
the search for the perfect colour 
photograph. 
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Mosaic pattern used in the ‘Dufay- 
colour’ process. The light sensitive 
emulsion is behind the mosaic filter. 
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Stages in making an image from a 
“‘Dufaycolour’ film. This is an additive 
process. The various colours are added 
together on a screen to make the final 
image. 
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COLOUR 
PHOTOGRAPHY 


HE world around us is full of 

colour and ever since the early 
beginnings of photography this has 
presented a challenge to inventors. 
Consequently various ways of making 
colour pictures have been invented, 
some to make transparencies and 
others to make prints. Some have been 
more successful than others. 

The way in which colour is seen is 
not fully understood, but the Young- 
Helmholtz theory of colour vision is 
now generally accepted. According to 
this theory the light sensitive retina at 
the back of the eye has three sets of 
colour sensitive elements. One set is 
sensitive to blue light, another to 
green and the third set to red light. 
These are the three primary colours of 
light. By correct mixing of blue, 
green and red light, any colour can be 
produced. For example, yellow is a 
mixture of red and green. The ele- 
ments pick out the primary colours 
falling on them and the brain blends 
them together so that the final colour 


UNEXPOSED 


PROCESSED 
Section of a modern type of colour film. The 
raw film is not actually coloured at this 
Stage. 
is seen. This theory forms the basis of 
colour photography. 

In 1861 Clerk Maxwell made a 

full colour photographic image at 

a meeting of the Edinburgh Royal 
Society. He photographed a piece of 
tartan ribbon three times, making 
each exposure through a glass con- 
tainer filled with either a blue, green 
or red coloured liquid. He then madea 
lantern slide from each negative. 
Three projectors were used to form 
three images on top of each other on 
a single screen. In front of each 
projector lens was a filter of the same 


colour used in making the original 
exposure so that each separate image 
was coloured. The combined result 
was a mixed colour image. By modern 
standards the image was not good but 
it did prove that colour photography 
was possible in practice. 

This was an example of an additive 
colour process, and the method was 
extended to use a single sensitized 
plate. The top of the plate was coated 
with a light sensitive emulsion in which 
small coloured elements were either 
scattered at random (Autochrome), or 
placed in a regular pattern (Dufay- 
colour and Finlay systems). 


CYAN DEVELOPMENT 


NEGATIVE DEVELOPMENT 


BLEACHING AND FIXING 


Stages in making an image using the 
subtractive system. To make a red image 
the yellow and magenta layers subtract 
everything but red from white light. 


short visit to the quayside to watch 

the fishing vessels release their 
catches is sufficient to impress on 
one’s mind that there are many 
millions of fishes in the sea. Large 
numbers also inhabit lakes and rivers. 
Yet this vast number of individuals is 
but a small percentage of the potential 
population. If all the eggs were to 
survive, the sea would literally be 
jam-packed with fishes. A female cod 
may contain as many as nine million 
eggs, halibut more than two million, 
tench hundreds of thousands and 
herring thirty to fifty thousand. Of 
course, the sea could not support such 
a population. Many of the eggs are 
eaten by fishes, often by fishes of the 
same species, and many are not even 
fertilized. The chances of an egg or of 
a. young fish surviving are very low so 
that the production of so many eggs 


The young of an African lakefish, Tilapia, 
swim into the parent's mouth where they 
are protected. 


is necessary for the numbers to be 
maintained. 

Not all fishes produce as many eggs 
as those quoted above. As a general 
rule, the numbers depend on the 
degree of care that the eggs and young 
receive from the parent fishes. Female 
sticklebacks lay from fifty to a hundred 
eggs only, in an elaborate nest usually 
constructed of seaweed in marine 
species, or algal threads and water 
weeds in freshwater species. The nest 
is built by the male and he zealously 
guards it and its immediate sur- 
roundings (the ¢erritory) from in- 
truders. Even when the eggs hatch he 
guards the young just as carefully 
until they are able to fend for them- 
selves. 

The reproductive habits of fishes 
vary enormously. Many, such as her- 
ring and mackerel, assemble in vast 
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A pair of brown trout spawning. The 
Semale, in foreground, ‘cuts’ a hollow in the 
gravel into which the eggs are laid, and the 
male sheds his sperms over them. 


shoals prior to spawning, whilst others 
(e.g. salmon) form pairs. The act of 
pairing may be preceded by an 
elaborate courtship display, prior to 
which the male often becomes bril- 
liantly coloured. A female salmon 
lays her eggs in a hollow which she has 
‘cut’ with her tail in the gravel beds. 
The male sheds his sperms over the 
eggs after they have been laid. Some 
fishes perform extensive spawning 
migrations. Salmon return to fresh- 
water from the sea while European 
and North American eels make their 
journeys in the reverse direction, 
travelling from freshwater lakes and 
rivers across the Atlantic to the Sar- 
gasso sea. 

A remarkable association exists be- 
tween the males and females of certain 
deep-sea fishes (e.g. Angler-fishes). 
The males are tiny by comparison 
with the females and live permanently 
attached to them by their jaws. Their 
blood-systems are continuous so that 
the males are nourished by the fe- 
males. The dwarf male provides sperm, 
however, with which the eggs of the 
female are fertilized. In sharks (and a 
few bony fishes) fertilization is inter- 
nal, the sperms being guided into the 
female by a pair of claspers — modifi- 
cations of the paired pelvic fins. Many 
sharks (e.g. dogfish) and most rays 


and skates, produce large horny egg 
cases — so called ‘Mermaid’s purses’ — 
each of which contains a large yolky 
egg. The purses are laid in the water 
and become attached to seaweeds by 
means of their long coiled filaments. 
The embryos develop within them 
and are nourished by the rich supply 
of yolk. Many shark-like fishes bear 
their young alive, however (so do a 
few bony fishes, for example, guppies, 
surf fishes and live-bearers). The Spur 
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The reproductive system in most bony 
fishes consists, in the male, of a pair of 
testes (the soft roes) which open into 
the lower part of the channels carrying 
urine from the kidneys. In the female 
the ovaries (hard roes) are usually long 
paired structures from which oviducts 
carry the eggs into a chamber at the 
end of the urinary ducts. In some (e.g. 
trout) the ovaries release their eggs 
into the body cavity. They find their 
way out of this down a pair of funnels 
to the outside. 


dog carries as many as eleven young 
(four on average) and female Tope 
have been found with over thirty 


inside them. In the Smooth hound 


(Mustelus mustelus) the yolk sacs of the 
young are richly supplied with blood 
vessels. Finger-like projections from 
the wall of part of the reproductive 
system (oviduct) fit closely into pits in 
the yolk sacs. Such an arrangement is 
similar to that found in mammals, 
where the womb lining grows to form 
a highly vascular placenta through 
which the developing young are 
nourished. Somewhat similar arrange- 
ments are also found in a few bony 
fishes. 

The eggs of the salmon are heavy 
and sticky and become attached to 
stones. Those of the turbot and shad 
are also heavy and sink to the bottom, 
where they may drift and roll about 
in the currents. Herring also lay eggs 
that sink, but most other commercially 
important fish, for example cod, pil- 
chards, mackerel and plaice, lay 
floating eggs. These contain droplets 
of oil which make them buoyant. 


Among those fishes that do look 
after the eggs and young, one or both 
parents may be involved. In lump- 
suckers, sticklebacks and miller’s 
thumbs (bullheads) it is usually the 
male that stands guard. The male 
stickleback aerates the eggs by waving 
its pectoral fins to produce a continual 
current of water. In the African lake 
fish (Tilapia) the female usually in- 
cubates and guards the eggs in her 
mouth. Fora time after the young have 
hatched they are taken back into her 
mouth periodically, especially at the 
approach of danger. They are protec- 
ted in this way for almost a week. In 
related species the male alone, or 
male and female in turn take the eggs 
and young into their mouths. 

Male seahorses have a special brood 
pouch under the abdomen. The eggs 
develop in this pouch. Most of the 
Paradise fishes and Gouramis build a 
curious nest of bubbles. They take 
bubbles of air into their mouths and 
expel them at the surface where they 


Many shark-like fishes lay each of thei 
eggs in a horny ‘Mermaid’s Purse’. 


form a raft several inches across. The 
eggs are laid in this raft and develop 
there. 

The bitterling is a fish that has an 
extraordinary association with certain 
freshwater molluscs — the mussel, Unio, 
and the swan mussel, Anodonta. The 
female bitterling has a long egg tube, 
the ovipositor, which she inserts into the 
inhalent siphon of the mollusc. The 
eggs are carried within the latter’s 
shell by the ingoing water current. 
The sperms of the highly coloured 
male fish also enter by this route and 
fertilization takes place inside the 
shell. 


Many fish congregate in shoals for the 
purpose of spawning, (insets) diagrams 
showing several stages in the development 
of a pilchard. 
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EAT and electricity are both forms 

of energy, and are often inter- 
connected. When an electric current 
flows through an electrical resistance, 
part of its energy is converted into 
heat energy. This is, of course, the 
basis of most kinds of electrical heating 
and lighting. 

There are more subtle ways of get- 
ting heat (or cold) from electricity. 


The Seebeck Effect 
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Heat is absorbed at the hot junction and 
rejected at the cold junction. A small 
thermoelectric current flows through the cir- 
cuit, and this is recorded by the ammeter. 


Electricity can be used to carry heat 
from one place to another. It takes 
heat away from a cold part, making it 
colder, and transfers the heat to a 
hot part, making it hotter. The de- 
vices which do this are called thermo- 
couples. 

A thermocouple is a pair of junc- 
tions, where two different conducting 
materials are joined together. The 
junctions may simply be two joins in 
pieces of wire. One piece of wire of 
one metal, joined at both ends to both 
ends of a piece of wire of a different 
metal, is a thermocouple. 

Its behaviour depends on the two 
different kinds of metal used. If 
copper and nickel are joined together 
and one junction is put in ice, while 
the other is put in boiling water, an 
electric current flows through the 
wire. The difference in temperature 
between hot and cold junction 
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produces an electric current. 

This kind of thermocouple is often 
used to measure temperatures, since, 
if certain metals are used, the current 
depends on the difference in tempera- 
ture between hot and cold junctions. 
An ammeter can be connected into 
the circuit. Instead of reading the 
current in amps, the ammeter scale can 
be calibrated to read the temperature 


The Peltier Effect 


ric JUNCTIONS 
SereRciee ELECTRIC = AT TWO 
METALS CURRENT DIFFERENT 
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Both junctions are originally at the same 
temperature. But when a current flows 
around the circuit, heat is absorbed at one 
junction and rejected by the other. 


FIRST. 
JUNCTION 


METAL B 


HEAT ONE JUNCTION 


The blocks of different kinds of semi- 
conducting material form a special kind of 
refrigerating thermo-couple. When no cur- 
rent flows through the thermo-couples, all 
junctions are at the same temperature. 


in degrees. Thermocouples are used to 
measure high temperatures, like, for 
example, the temperature inside a 
furnace. 

The current is called a_ thermo- 
electric current. The effect which causes 
it, discovered in 1821, is called the 
Seebeck effect after its discoverer. In 
1834, the French physicist, Jean Peltier 
noticed an effect which was exactly 
the converse. In the Seebeck effect, a 
difference in temperature causes an 
electric current. In the Peltier effect, an 
electric current causes a difference in 
temperature. Heat is effectively trans- 
ferred from one junction to the other. 

Peltier connected a battery into a 
thermocouple circuit. Both the junc- 
tions were originally at the same 
temperature. Once the battery was 
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...» A TINY CURRENT 
FLOWS TO BALANCE 
THE ENERGIES AT 
THE JUNCTIONS 


A THERMOELECTRIC 
CURRENT FLOWS 
CONTINUOUSLY 
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THE OTHER 

COOLED 


COOL THE OTHER JUNCTION 


As soon as a current is passed through the 
thermo-couples, the upper set of junctions 


absorbs heat, and the lower set rejects it. 
Heat ts absorbed from the drop of water, 
and it quickly freezes. 


connected, one of the junctions cooled, 
while the other became hotter. 
Thermoelectric Refrigerators 

It is generally easier to heat an 
object above room temperature than 
to cool it below room temperature. An 
electric current produces heat readily. 
But to make it produce cold, as in an 
ordinary domestic refrigerator, some 
extra parts are needed. Either the 
electric current drives a motor which 
pumps a_heat-transferring liquid 
around, or else the electricity is used 
to heat an easily vaporized liquid, and 
the liquid transfers heat from the cold 
compartment, and rejects it outside. 

Thermoelectric refrigerators have 
no moving parts. They utilize the 
cooling taking place at the cold 


Why does the thermoelectric effect 
work? The important point about 
thermo-couples is that they are 
made from two different kinds of 
conducting (or semi-conducting) 
materials. 

The electrons in the materials are 
arranged differently around the 
nucleus of the atom, so it might be 
expected that they have different 
energies. It happens that in each 
metal there is a maximum possible 
energy for electrons within the 
metal, and this varies with the 
metal. 

Two different metals are joined 
together at a junction. The differ- 
ence in energy between electrons on 
either side of the junction causes 
electrons to flow from one metal to 
the other. This flow is only tem- 
porary, and at the end of it, the 
junction is balanced, energies of 


N-type semi-conductor is joined to p-type by copper bars (both ends of each copper bar are 
at the same temperature, and so do not influence the thermoelectricity). All the individual 
n-type|p-type thermo-couples are connected in series. Practical freezing units may consist 


of from 4 to 12 thermo-couples. 


junction of a thermocouple. A bank of 
thermocouples is arranged in series, 
all the cold junctions on one side and 
the hot junctions on the other. Heat 
is transferred from one place to 
another without the need for extra 
moving parts. 

Thermocouples need not be made 
of metals. Those used in refrigeration 
units are made of semi-conducting 
material. Instead of two different 
types of metal, two different types of 
semi-conductor, n-type and p-type, 
are used. The semi-conductors are 
made in small blocks, less than half an 


electrons being the same on both 
sides. If there are two junctions, as 
in a thermo-couple, then the cur- 
rent flow balancing the electron 
energies at one junction is exactly 
equal and opposite to that at the 
other junction. So no net current 
flows. 

Heating increases the energy of 
the electrons in the metal but no 
two metals are exactly alike in the 
way their electron energies are 
affected. If one junction is heated 
and the other not, the current 
flowing from the cold junction is not 
exactly balanced by the current 
flowing from the hot junction. One 
is larger than the other, so a net 
current flows between the junc- 
tions. The two currents are not 
equal because of the difference in 
temperature between the two junc- 
tions. 


inch long. N-type is joined to p-type 
by a copper ‘bridge’. A cooling unit 
may consist of 4 to 12 thermocouples, 
the blocks of semi-conductor sand- 
wiched by their copper bridges. 

If the hot junction is kept at 
ordinary room temperature (about 
20°C), the cold junction may be at 
about —20°C. The electric current 
produces a temperature difference of 
about 40°C. The cold junction reaches 
its low temperature in a matter of 
seconds. Its coldness is regulated by 
the current flowing through the 
thermocouples. The larger the current, 
the larger the difference in tempera- 
ture. 

The Peltier effect is completely 
reversible. By reversing the battery 
terminals, and sending the current 
through the junctions in the opposite 
direction the hot junction becomes 
the cold junction, and vice versa. This 
miniature refrigerator has many uses. 
It can be used to cool an ordinary 
domestic refrigerator, or to cool com- 
ponents in electronic circuits. Because 
it is very small, and has no moving 
parts, it can be adapted to cool tiny 
areas. It can be attached to a mucro- 
tome, an apparatus for cutting very 
thin slices of biological specimens to 
be observed with a microscope. The 
specimens are often deep-frozen to 
preserve them. So it is important to 
keep them cold while the slice is being 
cut. Both the microtome and its cut- 
ting knife can be kept cold with 
thermocouples. 
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ruby is red because impurities in 

the crystal absorb green, yellow 
and ultra-violet light. When the crystal 
is viewed under ordinary ‘white’ light 
only the red and blue parts are trans- 
mitted through it. These rays, on 
striking the retina of the eye, give the 
ruby its overall red appearance. 

The ruby removes the green and 
yellow parts from white light. What 
does it do with them? In fact it can 
be made to convert this light into a 
powerful red beam, intense enough to 
vaporize metals, and strong enough to 
carry messages across millions of miles 
of space. The specially made ruby 
capable of doing this is called a laser, 
or light maser. 

Maser stands for ‘microwave ampli- 
fication by stimulated emission of 
radiation’. Microwaves are the waves 
whose wavelengths lie between those 
of radio waves and infra-red waves. 
A laser is a maser which gives out 
light of shorter wavelength than micro- 
waves, and which comes within the 
visible part of the spectrum. 

The ruby laser is a specially manu- 


Laser Waves and Radio Waves 


Radio waves are very similar to light 
waves, though radio wavelengths are 
far longer than light wavelengths. 
Radio waves are used to carry informa- 
tion — radio broadcasts, or television 
signals. The information is carried as a 
distortion of the shape of the radio 
wave. 

Because the signal is a distortion the 
carrying waves must not itself be dis- 
torted in any way. The receiving set 
would not be able to distinguish be- 
tween the wanted and unwanted dis- 
tortions, and would convert both into 
‘noise’. 

Since light waves are so similar to 
radio waves, there is no reason why 
they, too, should not be used to carry 
signals. In fact, in certain applications, 
it is thought that light waves would be 
superior to radio waves. 

Ordinary sources of light —incan- 
descent light bulbs, or even gas dis- 
charge lamps — are, however, wholly 
unsuitable. They do not give out the 
streams of light of precise wavelengths 
needed for communication purposes. 
This is, however, just the sort of light 
which the laser can produce. Speech 
has actually been transmitted by lasers. 


1080 


factured ruby crystal, redder than 
natural rubies, and made into a 
cylinder. Wrapped around it is a 
coiled, fluorescent flash tube. This 
produces the light which is to operate 
the laser, and make it eventually emit 
radiation. 

Many substances are stimulated by 
radiation, and respond by emitting a 


(1) The atoms in the ruby crystal are normally unexcited (black). (2) They become 
excited (red) when they absorb light from the fluorescent tube, and they stay in an 
excited (metastable) state. (3) One or two become de-excited. If the ray is emitted 
parallel to the long axis of the laser, it has a good chance of hitting other atoms, and 
making them emit, in the same direction, light waves which are all exactly in step. 
(4), (5) and (6) The light bounces to and fro through the crystal, until it breaks out of 
one end. 


different kind of radiation. In fluores- 
cent paints, for instance, atoms in the 
paint absorb ultraviolet light, and 
turn it into visible light. This light 
makes fluorescent substances appear 
to glow, even in the dark. 

Ultra-violet light strikes certain 
atoms in the paint. It excites them, 
giving electrons more energy than 
they would normally have. Unable to 
remain in this highly unstable state, 
the electron jumps back almost im- 
mediately to its normal state. It 
emits its extra energy in the form of a 
light wave, which is usually of a 
longer wavelength than the light 
originally exciting it. 

A ruby laser operates in a similar 
way. But there is a very great differ- 
ence between the behaviour of the 
impurity atoms in the ruby (these are 
the atoms which do all the work) and 
fluorescent atoms in paint. Instead of 
becoming de-excited almost immedia- 
tely, electrons around the ruby im- 
purity atoms drop back only part of 
the way. There they remain in what is 


called a metastable state—not com- 
pletely stable, but stable enough to 
stay in this state for a relatively long 
period of time. 

The flash lamp wrapped around the 
ruby laser is turned on, and it sends 
a bright beam of visible light into 
the laser. Impurity atoms are excited 
by the light, and then their electrons 
drop into the metastable state. 

Suddenly one of the atoms drops 
into the stable state. It may send a ray 
of red light out in any direction. The 
laser is a long ruby cylinder, and light 
passing out through its long sides is 
lost. But one ray emitted parallel to 
the axis of the cylinder travels through 
the ruby, and hits another atom. The 
light is of exactly the right wavelength 
to stimulate the impurity atoms (which 
are still metastable), make them fall 
back into the unexcited, normal state, 
and emit exactly the same wavelength 
of light at exactly the same instant. A 
doubled light beam comes from the 
first atom the original beam hits. The 
doubled beam hits another meta- 


The ruby laser sends out a powerful parallel pulse of red light. The fluorescent flash tube 
cotled around it feeds it with light energy. The ruby laser absorbs this energy and then 
waits until one of its atoms suddenly releases its energy. This is the signal for all the rest 
of the atoms to emit light in unison. 


stable atom, is trebled in strength, 
hits another, and another, each time 
getting stronger as it gathers the 
energy from the metastable atoms. 
The original beam of light 
stimulates metastable atoms, and is 
amplified as a result. It hits one of the 
ends of the cylinder (which are both 
silvered to make them behave like 
mirrors), is reflected back into the 
crystal, hits more atoms, grows in 
strength, and is reflected from the 
other end. The beam bounces back 
between the ends of the laser, each 
time becoming stronger. Finally the 
beam is strong enough to pass right 
through the end of the laser (which 1s 
not silvered so much as the other end). 
The wavelength of the light is very 
precise (actually this kind of laser 
gives out two very precise wave- 
lengths, one of 7,009 A and the other 
of 7,014 A. An Angstrom unit is one 
ten-millionth of a millimetre). The 
light has been amplified by bouncing 
to and fro, parallel to the long axis 
of the crystal, so the beam is parallel 
to within a twentieth of a degree. It 
does not spread out much as it travels, 
but remains a concentrated, parallel 


beam of light. It is estimated that laser 
light beamed at the moon could be 
made to spread out so little that, 
even after travelling two hundred 
and fifty thousand miles through 
space it would make a spot of light 
only two miles in diameter on the 
moon. 

Advantages of Laser Light 

Laser light is very different from 
the light given out by an ordinary 
incandescent electric light bulb. Laser 
light contains one or more precise 
wavelengths. Incandescent ‘white’ 
light is a jumbled mixture of light 
waves of all wavelengths. The waves 
are not all of the same length, so 
even if the crest of one wave starts out 
with the crest of another (and so 
reinforces the total effect of the light 
rays) it does not do so for long. The 
waves soon get out of step, and par- 
tially cancel each other. The effective- 
ness of the light is reduced. 

In addition, all the waves given out 
by all the atoms in a laser are in step. 
One wave stimulates another wave, 
and, because the stimulated wave is 
emitted immediately, the waves are 
absolutely in step. Atoms excited 


History of Lasers and Masers 


The first maser was made in 1954. It 
was very different from the ruby laser. 
Ammonia molecules were used instead 
of the ruby. This maser was a true 
maser, since it gave out microwaves 
(i.e. waves of oy wavelength than 
the ruby laser). Energy was supplied 
to the maser not through a fluorescent 
flash tube (as in the laser), but by an 
electromagnetic field oscillating at a 
microwave frequency. 


Since then, many kinds of substances 
have been tried out as lasers and 
masers. These range from gases to 
semi-conductor diodes. They are still 
very much in the development stage. 

Many uses for lasers and masers have 
been ies ieee Apart from carrying 
radio and television broadcasts, the 
intense laser beam may be used for 
welding metals, killing abnormal living 
tissues, or causing chemical reactions. 


HEAT FROM 
ELECTRIC 
CURRENT 


In an incandescent light bulb, light is 
produced by heating the filament 
white-hot. Electrons in the filament 
are excited and give out light. One 
electron affects another, and the light 
is a jumbled mixture of wavelengths. 


ELECTRIC 
CURRENT 


In a discharge tube, light is produced 
by exciting the gas atoms with an 
electric current. Light emission is a 
random affair. Pure chance decides 
when one gas atom should be excited, 
and then again, at what instant it 
should de-excite itself and emit a little 
pulse of light. 


ENERGY 
FROM 


Ina ruby laser the electrons around the 
impurity atoms are first put into an 
excited state by the light from the 
flash lamp. They drop back a little way 
into a metastable state. Then, when 
just one atom de-excites itself, it 
stimulates others to de-excite in turn. 
All the waves from all the stimulated 
atoms are exactly in step. 


after being heated by the electric 
current supplied to a light bulb, may 
give out light at any time. It is a 
completely random affair. There is no 
knowing at what instant an atom will 
emit light, and so the crests of its 
waves will rarely coincide with the 
crests of other waves. 

An incandescent light bulb gives 
out light in all directions. But in the 
laser, only light parallel to the long 
axis of the crystal can be transmitted 
and amplified. 
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ECOLOGY 


THE SEA-SHORE 


PERHAPS no place on éarth is sub- 

ject to more extreme changes than 
those experienced where land and sea 
meet. Here, the tides alternately cover 
and expose the shore twice every day. 
In spite of the ever-changing condi- 
tions, the shore supports, as a rule, a 
great wealth of animal and plant life. 
Every major animal group is repre- 
sented, although some only rarely. In 
some groups, notably the periwinkles, 
one can actually observe stages in the 
evolution of terrestrial habits from 
marine ones. Undoubtedly some ani- 
mals have completed this change 
although the evolution by way of 
fresh-water has been more important 


SIA ies : 


— 


Tellina feeding by drawing sediment in 
through its siphon. 


in the rise of land-animals. 

The shore is defined as that region 
lying between the uppermost and the 
lowest limits of tidal movement. Tides 
are caused by the pull of the moon, 
and to a lesser extent, the sun. When 
sun and moon are in line, their com- 
bined effect is stronger and the result- 
ing fortnightly spring tides are of greater 
extent than the neap tides which occur 
every fortnight when the moon is 
pulling at right angles to the sun. The 
highest tides of all (and therefore the 
lowest low waters too) occur twice a 
year when the sun and moon are 
exactly in line. These periods are the 
equinoxes and fall on or about March 
21st and September 2ist. The vertical 
range of tidal movement varies from a 
few inches, in the Mediterranean and 
other places, to more than forty feet 
off the coast of Nova Scotia. 

There are thus a number of zones on 
the shore, distinguished according to 
the length of time that the land is 
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exposed. The zone just above the true 
shore is often called the splash zone. It 
is never completely covered but, es- 
pecially on rocky coasts, is frequently 
affected by salt-laden spray from the 
waves. This region has its own charac- 
teristic plants such as Thrift or Sea 
Pink. 

The type of shore varies enor- 
mously, even around a small country 
like Great Britain. The unending 
battle between land and sea results in 
erosion at one point and deposition at 
another. Where erosion takes place, 
cliffs develop, with rocky shores at 
their feet. The material eroded from 
the land is transported by off-shore 
currents and deposited elsewhere. Peb- 
bles and shingle are deposited first, in 
the neighbourhood of the erosion site. 
Sand, made up of fine particles of 
silica and other material derived from 
many types of rock, is transported 
further by the water than are the 
pebbles. In very sheltered inlets, fine 
mud may be deposited, forming mud- 
flats at low tide. This is especially 
noticeable around estuaries. Each type 
of shore has its characteristic animal 
life, admirably suited to the condi- 
tions. 

A pebble beach, such as that derived 
from the erosion of chalk containing 
flints, is one of the most barren of all 
habitats. The rounded pebbles en- 
close large air spaces and cannot hold 
water between themselves. Any ani- 
mals among the stones would quickly 
dry out at low-tide, or be crushed by 
the moving pebbles. Pebble beaches 
are usually fairly steep but lower down 
the beach the pebbles frequently give 
way to shingle and sand. 


Starfishes are common on many shores. 
Their main food consists of shell fish. 


When exposed by the ebbing tide a 
sandy beach may look as barren as a 
pebble beach. Often the only evidence 
of life is a line of sea weed fragments 
and a few empty shells at hightide 
level. However, the small size of the 
grains means they can hold water by 
capillary action, even when some way 
above the tide level. This means, in 
turn, that animals can burrow into the 
sand and remain protected when the 
tide is out. Even only a few inches 
down they are immune from. the 
effects of wind, rain and sunshine. The 
only animals capable of surviving on a 
sandy shore are those that can burrow 
when the tide is out. The commonest 
of these include worms, crustaceans 
and shellfish (molluscs). Most of them 
can feed only when the tide is in and 
they are covered with water. 

Of the worms, perhaps the best- 
known are the lug-worms (Arenicola). 
These animals live buried and feed by 
eating large quantities of sand from 
which they extract any edible organic 
matter. Their presence can be detec- 
ted by the ‘casts’ of undigestible 
material that they eject at the surface 
of the sand. Lug-worms are more 
common where there is plenty of fine 
organic matter i.e. where the sandy 
and muddy regions meet. Other 
worms live in tubes which they con- 
struct from particles of sand ‘cemen- 
ted’ together with slime. They feed by 
use of tentacles that either pick up 
the sediment from the sea bed (Lanice) 
or strain particles of food from the 
water (Sabella—the Peacock Worm). 
The ragworms (Nereis) have powerful 
jaws and are carnivorous. They move 
about in search of food and at low 


The Barnacle is a sessile (fixed) crustacean 
that feeds by ‘combing’ plankton from the 


water. 


tide may burrow or retreat with the 
waters. 

The majority of shore-dwelling 
crustaceans are tiny animals living 
between the grains of sand but a 
number of larger ones are found on 
sandy and rocky shores. Amphipods 
(sand-hoppers) are often found among 
the sea weed litter at high tide level 
and at various levels down the shore. 
Some of those of the upper zones can 
stand only a limited amount of sub- 
mergence and are almost terrestrial in 
habit. Shrimps are very common at 
and around low tide level but crabs 
are not common on sandy beaches 
except in the tropics. There, some of 
the crabs have developed almost ter- 
restrial habits, even to the extent of 
climbing trees. 

Bivalve molluscs are very common 
on both sandy and muddy shores.. 
When the tide is out they burrow 
down but when covered with water 
they extend their breathing tubes 
(siphons) and begin to feed. The 
breathing organs (gills) also serve as 
food collecting devices. Water is drawn 
in through one tube, over the gills and 


Pomatoceros, a_ tube-building worm, 


covers the rocks with its limestone tubes. It 
traps food tn its tentacles. 


out through a second tube. Par- 
ticles of food are trapped in a stream 
of mucus and carried to the mouth. 
Some of the commonest bivalves of 
sandy or muddy shores are the cockle 
(Cardium), razor-shell (Ensis) and the 
pink or yellow Tellzna. 

Of by far the greatest interest to 
the naturalist is the rocky shore, for 
here are found a great many species 
and, what is more, they are normally 
visible at low tide. Limestones and 
slates are especially rich in species, 
for these rocks develop rough surfaces 
and many crevices in which animals 
can hide. They offer ample oppor- 
tunity for plants to become attached 
and the plants themselves are very 
important in the life of the shore 
animals. The sea weeds clothe the 
rocks and protect them to some extent 
from the buffeting of the waves. They 
also provide shelter for vast numbers 
of animals, especially when the rocks 
are exposed at low tide. The weeds 
and the water they hold, adequately 
protect the animals from the drying 
effects of sun and wind. The shore 
slater (Ligia) is a typical member of 
the community. 

Zoning is most obvious on the rocky 
shore because of the plants. On the 
upper shore the green sea weeds are 
common. They can survive even in the 
splash zone and can tolerate fresh 
water to some extent. Below them 
there are various zones of brown sea 
weed. The wracks (Fucus) tolerate 
varying periods of exposure, those 
with the least tolerance growing 
lowest on the shore. The long flat 
and wavy blades of Laminaria appear 
at about the level of the low spring 
tides. Red sea weeds are, in general, 


Be Se Te aa 


TYPICAL SHORE ANIMALS 


BROWN 
SEAWEED 


RED 
SEAWEED 


less tolerant of exposure and grow 
below shore-level and in rock pools. 

Rock pools, where they occur, often 
contain animals which otherwise 
would be found only below low tide 
level. When the tide goes out on a 
rocky shore the animals must go with 
it or remain on the rocks and be able 
to withstand exposure. If they can do 
neither of these things they will 
perish. Thus the molluscs (e.g. peri- 
winkles, whelks, mussels and others) 
are also zoned according to the amount 
of exposure they can stand. Some peri- 
winkles live in the splash zone and 
cannot survive submergence. The ex- 
istence of pools that never dry up 
means that various crabs,  sea- 
anemones, fishes, and others can be- 
come established higher up on the 
shore than would otherwise be pos- 
sible. 

Feeding habits on the rocky shore 
vary just as on sandy ones. Sea- 
anemones, barnacles, tube-worms, 
mussels and others are fixed and 
capture what food they can from the 
water. Limpets and whelks, when 
submerged, move about in search of 
vegetable or animal food. Lower on 
the shore, where there is frequently 
a certain amount of sand, burrowing 
worms and molluscs may appear. 
They feed on the organic debris 
derived from the plants and animals 
higher on the shore. 
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PERMANGANATE : 


TEST |. APPEARANCE. 


INORGANIC CHEMISTRY 


AMMONIUM 
COMPOUND 


PEROX'D 
SOME OXIDE ND 
NITRATES ALSO 
DO THIS 


LIME WATER 
GOES CLOUDY 


TEST 2. STRONGLY HEAT SOME 


DRY SOLID. 


Introduction to ANALYSIS 


F the labels have fallen off bottles of 

two white powders, common salt 
(sodium chloride) and potassium cya- 
nide, it is quite easy for the chemist to 
find out which is which. Tasting them 
is certainly not the test. In fact, as 
most chemical substances are poison- 
ous, they should never find their way 
into the mouth. 

It is much more difficult to identify 
a white powder if no clue is given. It 
could be almost anything. For this 
reason a systematic analysts is carried 
out, otherwise a great deal of time will 
be wasted and it is quite likely that 
some constituent will remain un- 
detected. 

There are various types of analysis. 
The analyst may be starting from 
scratch, trying to identify a mineral, 
or he may be finding the constituents 
of a mixture of substances. This is 
qualitative analysis. The chemist finds 
out what is in the substance but has no 
idea of the quantities involved. After 
that is known, the composition by 
weight can be found. This is known as 
quantitative analysis. 

There are many _ specialized 
branches of analysis. For example, 
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before drinking water is put into the 
public pipelines, samples are analysed 
to make sure that the water is not 
polluted and that the correct amount 
of chlorine has been added to it. 
Various foodstuffs have to undergo 
analysis. Importers of lemon and 
orange juice always check samples for 
cyanide content. If the fruit trees 
have been sprayed with cyanide, there 
is the danger that the juice may be 
poisonous. Whenever the cyanide con- 
tent of the sample is too high, that 
batch of juice is rejected. Similar 
safety precautions are taken by gin 
manufacturers, this time to see that 
no harmful lead has found its way 
into the gin. 

Chemical substances fall into two 
natural and distinct groups, those of 
mineral origin, the inorganic com- 
pounds, and compounds of carbon and 
hydrogen, organic compounds. Many 
organic compounds have their origins 
in living things. These two types of 
substances demand different methods 
of analysis. They can easily be dis- 
tinguished because as a general rule, 
organic substances will burn whereas 
inorganic substances will not. The 


following system of analysis applies to 
inorganic compounds only. 

Before starting on the full scale 
analysis, it is most important to carry 
out a preliminary analysis. This only 
takes about 20 minutes. During this 
time many of the metallic radicals (e.g. 
copper) and acid radicals (e.g. chlor- 
ide) can be detected. Their presence 
will be confirmed at a later stage. 

Results for each stage of the analysis 
should be written down in columns 
under the headings of test, observation 
and conclusion, leaving nothing to 
memory. 

Often the appearance of a substance 
can give a valuable clue to its com- 
position. For example, many copper 
salts are blue; some are green. Hydra- 
ted chromic and ferrous salts are also 
green. Hydrated ferric salts and chro- 
mates are yellow and hydrated cobalt 
salts and permanganates in solution 
are crimson or purple. 

Then, quite a lot can be learned by 
heating the sample quite strongly. A 
tiny hard glass test tube is used 
because it must be thrown away 
afterwards. Sodium chloride, lead 
nitrate and potassium chloride make 


CONCENTRATED 
HYDROCHLORIC 


TEST 3. FLAME TEST. 


crackling noises when heated in this 
way. Some other compounds change 
colour. White zinc oxide turns yellow. 
Some ammonium and mercurous com- 
pounds sublime. This means that the 
solid vaporizes and forms a solid 
deposit on the cold upper parts of the 
tube. 

From some compounds gases are 
given off. Ammonia can be detected 
by its smell and if it is given off, there 
must be an ammonium compound 
present. Pieces of moist red and blue 
litmus paper are held at the mouth of 
the tube. Ammonia gas turns the red 
litmus blue. Some sulphates give off 
the acidic gas, sulphur trioxide, which 
turns blue litmus red. The gas is next 
tested with a glowing wooden splinter. 
When oxygen is given off, the splinter 
relights itself. Permanganates, peroxi- 
des, sodium or potassium nitrate, or 
oxides of silver or mercury all give off 
oxygen when heated. If carbonates are 
present, then carbon dioxide is given 
off. This is detected by holding a test 
tube containing a little lime water 
below the neck of the heated tube. 
Carbon dioxide turns the lime water 
milky. 

Some metallic ions can be detected 
by the flame test. A little of the solid 
sample is put on one watch glass and a 
few drops of concentrated hydrochloric 
acid on another. The end of a fine 


CHROMIUM 


POTASSIUM 


porcelain rod is dipped first into the 
acid and then into the sample. When 
it is held in a Bunsen flame sometimes 
the flame becomes coloured. The 
colour depends upon the metal 
present. Compounds of sodium give an 
intense yellow flame, strontium, a 
flicker of crimson, copper bluish green, 
calcium orange, barium apple green 
and potassium lilac. Because the lilac 
flame is difficult to see, the flame 
should next be viewed through blue 
glass. Then it becomes clearly visible 
as a crimson flame. The dirty part of 
the porcelain rod is broken off and 
thrown away, leaving the rest of the 
rod clean and ready for future use. 
More metallic radicals are detected 
by the borax bead test. By heating a loop 
of clean platinum wire, dipping it in 
borax powder and holding it in a 
roaring flame, a colourless bead of 
borax is made in the loop. Touching 
the bead lightly against the solid 
sample collects just a little of it. The 
bead is re-heated in the outer part of a 
roaring Bunsen flame when it some- 
times becomes coloured. Copper 
colours it light blue or green, chro- 
mium emerald green, cobalt deep blue 
and manganese purple. Nickel gives a 
permanent brown colour. The brown 
colour caused by iron turns yellow 
when the bead has cooled down. As 
with the flame test a mixture of these 


CHARCOAL 
BLOCK 
SAMPLE MIXED WITH 
ANHYDROUS SODIUM 
CARBONATE 


_—s )/ 


SILVER 


BISMUTH 
COPPER 


WHITE RESIDUE IS MOISTENED WITH 
COBALT NITRATE SOLUTION AND REHEATED 


MAGNESIUM ZINC 


TEST 5. CHARCOAL BLOCK. 


ALUMINIUM 
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py CONCENTRATED 
SULPHURIC 


ROXIDE, 
CHROMATE OR 
DICHROMATE 


NITRATE 


AGEN® OR A 
SULPHITE 


TEST 6. HEAT WITH 
CONCENTRATED 
SULPHURIC ACID. 


metals gives no useful result, for one 
colour can mask another. 
Compounds of certain metals can be 
recognized by reduction to the metals 
themselves. This is done in the charcoal 
block test. Sodium carbonate is used to 
convert the unknown salt into the 
carbonate. Charcoal (a form of car- 
bon) is the reducing agent used to rob 
the metal of its carbonate partner. A 
penknife is used to scoop a hole out of 
a block of charcoal and remove any 
debris from previous tests. A mixture of 


Throughout the analysis, cleanliness is 
most important. The tests are quite 
sensitive and a dirty test tube can easily 
give false results. More confusion can. 
arise from putting the wrong stoppers 
on reagent bottles or leaving them 
lying around on benches to get con- 
taminated. It is a good idea to cultivate 
the habit of never letting the stopper 
reach the bench. It can be held crooked 
in the little finger and then replaced 
immediately the reagent has been used. 
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REE 
METAL 
PRESENT 


SULPHIDE 


TEST 7. DILUTE HYDROCHLORIC 
ACID. 


sample and anhydrous sodium car- 
bonate is pressed into the hole. The 
airhole in the Bunsen is closed to make 
the flame luminous and the gas is 
turned down to make the flame only 
two inches high. (A taller flame can 
easily set fire to the analyst’s hair). A 
blowpipe is used to direct the flame on 
to the sample. With practice it is quite 
easy to breathe through the nose and 
blow steadily down the pipe. With 
lead, grey beads of the metal are left 
behind. When they are rubbed across 
a sheet of paper they leave a grey 
mark. Copper leaves red scales, tin 
hard white beads, silver soft shining 
particles and bismuth brittle pink 
blobs. If garlic smelling fumes are 
given off, arsenic is responsible. For 
zinc, the residue is white when hot and 
yellow when cold. If after heating, the 
residue is a white powder it should be 
moistened (not flooded) with a drop 
of pink cobalt nitrate solution and re- 
heated. If it turns blue it is aluminium, 
pink, magnesium and green, zinc. 

A small amount of the solid sample 
is then heated with a few drops of 
concentrated sulphuric acid. Any visible 
signs are noted and then it is tested to 
see if any gases are coming off, first 
with a lighted and then glowing 
splinter, finally with some moistened 
blue litmus paper. If steamy acidic 
fumes come off, they should be further 
tested with a drop of silver nitrate 
solution held on the end of a glass rod. 
A milkiness shows that a chloride is 
present. Harsh-smelling acidic fumes 


TEST 8. CAUSTIC SODA 
SOLUTION. 


of sulphur dioxide remove the colour 
from a piece of filter paper that has 
been soaked in purple potassium 
permanganate solution. These could 
be caused by a reducing agent such as 
iron filings or a sulphite. A brownish 
gas with oily drops collecting on the 
sides of the tube indicates a nitrate. 

The next acid test is with dilute 
hydrochloric acid. If there is no reaction 
in the cold, the test tube is gently 
heated. Any gases given off are smel- 
led, tested with a lighted splint and 
finally tested with lime water. Sul- 
phides give off a smell of bad eggs. 
Carbonates and bicarbonates fizz as 
carbon dioxide gas is evolved. Free 
uncombined metals such as mag- 
nesium give off hydrogen. This ex- 
plodes with a popping noise when 
tested with a lighted splinter. 

All the tests performed so far only 
give an indication of what might be 
present, not what definitely is there. 
But the next test with caustic soda solu- 
tion is the only test for ammonium 
salts. It is most important that this 
last test should never be forgotten. 
Caustic soda solution is added and the 
test tube is gently warmed. If a smell 
of ammonia comes off and a piece of 
moist red litmus paper turns blue then 
there is definitely an ammonium 
compound present. 

Various tests for acid radicals fol- 
low. Then comes the detailed analysis 
for metallic radicals followed by more 
testing to prove that the results are 
indeed correct. 


ELECTRONICS 


RADIO WAVES 


ADIO waves are sent out when 

bursts of electric current pass along 

a transmitting aerial. The waves are 

in the form of electromagnetic radiation 

because they are created as a result of 

the magnetic and electric fields set up 
when the current flows in the aerial. 

The aerial forms part of the output 
circuit of the transmitter, and in this 
circuit electrical oscillations are 
generated. This means that electric 
currents pass to and fro in the circuit 
a constant number of times each 
second. The number of oscillations 
each second is called the frequency, and 
each complete to and fro motion is 
called a cycle. So, if the current passes 
to and fro 50 times a second the fre- 
quency of the oscillation is 50 cycles 
per second (50 c/s). 

The electrical oscillations fed to the 
aerial cause the electric and magnetic 
fields around the aerial to swell up and 
die away with the same frequency as 
the oscillations. The radiation from 
the aerial consists of a series of peaks 
and troughs of electromagnetic energy 
emitted at that frequency. 

All electromagnetic waves travel at 
the speed of light (which is itself a form 
of electromagnetic wave motion) i.e. 
3 x 101° centimetres per second. An 
aerial transmitting radio waves of fre- 
quency, say, 10,000 c/s is producing 
10,000 (104) waves every second. 
These would occupy 3 x 101° centi- 
metres if placed end to end so the 
length of each wave (the wave length) 
is 
= 3 x 10° centimetres or 

roe 30,000 metres. 
All electromagnetic waves (radio or 


light waves) can be described either by 
their wavelengths or by their fre- 
quencies. The wavelength can auto- 
matically be found from the frequency, 
and vice versa. Radio waves are often 
specified by their wavelengths. 

When a radio wave of a certain 
wavelength is transmitted from an 
aerial it can be picked up by the 
receiving aerial where it is reconver- 
ted into electric currents which alter- 
nate at the transmission frequency. 

If the aerial is receiving several 
waves of different wavelength simul- 
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CARRIER WAVE 


AUDIO SIGNAL 
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AMPLIFIED CARRIER 
MODULATED WITH AUDIO 
SIGNAL 


To transmit audio signals the carri 


taneously the receiving circuit can be 
‘tuned’ to select just one wavelength 
for amplification. This is what happens 
in an ordinary radio set. The aerial 
is receiving many hundreds of radio 
signals transmitted from stations all 
over the world, but only one is selec- 
ted at the receiver, by ‘tuning in’ ona 
single wavelength. 

If, however, the signal received 
were a single ‘pure’ wavelength of 
radio frequency, the received signal 
would be completely inaudible. The 
frequencies are far too high for the 
human ear to detect. In addition, to 
transmit information (e.g. speech or 
music) the wave has to be modulated. 

The human ear can identify sound 
waves of frequency 20—12,000 c/s, and 
ordinary sounds consist of a mixture 
of waves of frequencies in this range. 
A radio wave must therefore be able 
to carry information which is a mix- 
ture of signals of these frequencies. In 
an amplitude modulated wave a signal is 
transmitted at a given frequency (the 
carrier frequency), but the waves are 
altered in amplitude (size) by the in- 
formation the wave has to carry. For 
example, a B.B.C. long wave trans- 
mission is transmitted at 200,000 c/s. 


ed with an audio wave form. 
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The radio waves are transmitted at 
this frequency but the sizes of the 
waves are being continuously altered 
to carry the information being broad- 
cast. 

The receiver is tuned to 200,000 c/s 
(1,500 metres) so it is able to receive 
and amplify the signal. When the 
signal passes through a detector stage 
the information contained in the 
wave modulation is extracted for 
further amplification. 

Suppose the 200,000 c/s is being 
modulated at a frequency of 1,000 
cycles per second. Although the trans- 
mitted wave is a pure 200,000 c/s 
wave, it acts as if it is a mixture of 
three waves of frequency 200,000 
c/s, 200,000 — 1,000 = 199,000 c/s, 
and 200,000 + 1,000 = 201,000 c/s. 
This can be proved mathematically. A 
modulated wave has then a main 
carrier of frequency 200,000 c/s and two 
sidebands of frequency 201,000 c/s 
and 199,000 c/s. It therefore ‘occupies’ 
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a frequency band, 2,000 cycles ‘wide’ 
from 199,000 c/s to 201,000 c/s. This 
is of great importance when it comes 
to allocating wavelengths to different 
broadcasting stations. If one station 
wishes to broadcast speech at a carrier 
frequency of 200,000 cycles per second, 
then another station broadcasting at 
198,000 cycles per second will overlap 
the first station’s ‘band’ because the 
frequencies of the side bands due to 
transmission of speech or music will be 
well into the first station’s bandwidth. 
For this reason, each station, by inter- 
national agreement, keeps not only to 
its own carrier frequency, but to a 
limited bandwidth as well. 

The large number of radio stations 
thus occupy the ‘air’, each restricting 
its transmission to within a narrow 
range of frequencies. 

Broadcast transmissions are nor- 
mally transmitted in one of three 
wavebands each of which covers a 
range of wavelengths. A large number 
of stations transmit at wavelengths 
within each waveband. Transmis- 
sions over small and intermediate 
distances are normally made on the 
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long and medium wavebands. Long 
waveband broadcasts are usually 
made at radio wavelengths greater 
than 1,000 metres, and medium ones 
in the wavelength range 700 to 1,000 
metres. Transmissions over larger dis- 
tances are made on the short waveband, 
of wavelength 50 metres or less. 

These divisions are made because of 
the behaviour of the waves transmitted 
from an aerial at different wave- 
lengths. The radio waves normally 
spread out in all directions. Those 
which pass along the ground are 
called ground waves. The space waves hit 
the ground at a point somewhere 
between the aerial and the horizon. 
Sky waves are directed towards the 
sky, to miss the horizon. 


When a number of radio stations transmit 
over the same area each keeps to its own 
wavelength. A radio receiver is ‘tuned in’ 
to the required wavelength. 


It so happens that most of the 
energy in a longer wavelength trans- - 
mission is radiated in the ground 
wave. This means that most of the 
energy dies away before the waves 
have travelled very far. For this 
reason, long wavelength transmissions 
are used for short distances only. The 
same applies, to a lesser extent, to the 
medium waves which are also used 
for transmissions over distances of up 
to 200 miles from the transmitter. 

At shorter wavelengths a strong 
skywave transmission is obtained. At 
these wavelengths the ionic layers 
surrounding the earth possess the 
property of reflecting back the radio- 
waves. These layers are used for 
sending short wave transmissions over 
great distances, by reflecting the sky- 
waves back to earth at great distances 
from the transmitter. 


FAMOUS SCIENTISTS 


Sir Frederick 
Gowland Hopkins 


Y the end of the nineteenth century 

it was known that carbohydrates, 
fats, mineral salts and water are essen- 
tial constituents of a healthy diet. At 
that time these substances were 
thought to provide all that the body 
needs to remain healthy. But Hop- 
kins, working at Cambridge, showed 
that additional substances were neces- 
sary. He kept young rats on an 
artificial diet. After a time they 
stopped growing and showed obvious 
signs of disease. However, when he 


The Nobel prize medal for Medicine. 
Hopkins shared the prize with Eijkman 


in 1929. 


added traces of natural foods such as 
yeast and milk to their diet, they soon 
recovered and growth started again. 
Hopkins surmised that these natural 
foods contain minute quantities of 
substances that are vital for a balanced 
diet. He called them ‘accessory food 
factors; we now know them = as 
vitamins. 

Following Hopkins’ discovery it 
was recognised that many deficiency 
diseases are the result of a lack of 
certain vitamins in the diet. A new 
understanding of nutrition emerged. 
Beri-beri, scurvy, pellagra, rickets, 
night blindness, and many other 
diseases were found to be due to 


A rat showing signs of vitamin deficiency, 


and a healthy rat. 


vitamin deficiency. Many of the 
known vitamins have been made by 
man, and, in most of the western 
hemisphere at least, we take our 
vitamin pills very much for granted. 
Hopkins was born at Eastbourne in 
Sussex in 1861. He studied at Guy’s 
Hospital and obtained his Ph.D. at 
London University. In 1898 he took a 
teaching appointment at Cambridge 
University, and during his stay there 
he made many valuable discoveries. 
His investigations led to the discovery 
of the essential amino acids, and he 
later isolated and identified the amino 
acid, tryptophane. He also isolated 
glutathione, a compound built up of 
three amino acids, glycine, cysteine, 
and glutamic acid, and which seems 
to be closely concerned with the 
building up of proteins in the tissues. 
In 1914 he became Professor of 
Biochemistry, a post especially created 
for him. His work on the chemical 
changes that take place in muscle 
during its contraction were of out- 
standing merit. He showed that lactic 
acid accumulates in the muscle when 
it contracts in the absence of oxygen 
(excessive accumulation of this sub- 
stance, such as occurs during a cross- 
country run, causes the familiar stiff- 
ness and aching of the leg muscles). 
Hopkins was knighted in 1925 and 
the following year he was awarded the 
coveted Copley medal. Three years 
later he shared the Nobel prize for 
medicine with Christiaan Eijkman, 
the distinguished Dutch physician. 
Eijkman was the first to produce 
disease experimentally in animals. He 
fed fowls on a diet of polished rice. As 
a result they developed a disease 
similar to beri-beri in man. In 1935 
Hopkins became a member of the 


Order of Merit having been president 
of the Royal Society from 1930 until 
then. 

In May 1947, Hopkins died after a 
long and distinguished career during 
which he provided the keys to many 
unsolved problems. He will be espec- 
ially remembered for his work’ on 
vitamins which indirectly has done 
much to relieve the suffering of many 
of the world’s people from malnutri- 
tion. 

Crystals of vitamin C and 
B, highly magnified. 
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(GELLULOSE film is well known as 

the thin, tough material used for 
protective covering of books, cigarette 
packets, sweet wrappers and bags, and 
transparent sticky tape. 

As well as containing about 70% 
cellulose, the film also contains some 
moisture and glycerine to make it 
pliable and prevent it from cracking. 
Thin coatings are often applied to 
make it moistureproof or to give it 
other special properties. Waxes and 
resins can be used for waterproofing 
but plastic coating materials are now 
in use. They have the added advantage 
that they can be sealed with a hot iron 
and therefore used for sealed packag- 
ing. Sticky surfaces can also be applied 
to make the well known transparent 
sticky tapes. 

The cellulose for making the film 
comes from wood pulp. Wood pulp is 
an entangled mass of cellulose fibres. 
Each fibre is colourless and _ trans- 
parent, but to the eye, the many 
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disulphide. 


fibres appear opaque and white. In 
just the same way, even though com- 
mon salt crystals are individually 
transparent and colourless, a heap of 
salt is white and opaque. If the 
fibrous structure is destroyed and the 
cellulose is remoulded into sheets of 
even consistency then it becomes 
transparent and colourless. To make 
the cellulose film, the wood pulp is put 
into solution and its fibrous structure 
is destroyed. The cellulose solution is 
forced through a narrow slit and 
solidified as a colourless film. 

The process is the same as that used 
to make viscose rayon (artificial silk) 
from wood. To make ‘silk’ though, the 
cellulose is spun as a thread instead 
of being extruded as a film. 

Softwoods can be put into solution 
much more easily than hardwoods and 
therefore these are chosen as the raw 
materials. The softwood hemlock is 
usually used. It is torn into shreds 
and made into a pulp. The pulp is 


~~ \ . . 
gare soaked in a 20%, solution of the 


Cellulose xanthate being removed from the churn. Here, the yellow 
compound has been made by treating cellulose shreds with carbon 


treated to remove unwanted impuri- 
ties such as colouring matter etc. The 
watery pulp is poured through a slit 
and passed over rollers to be dried 
out. It then looks something like a 
never-ending sheet of blotting paper. 
It is cut into sheets, baled and trans- 
ported to the cellulose film factory. 
Although there are certain refine- 
ments to the process, basically it is 
the same as that invented in England 
by Cross and Bevan in the 1890's. 
First of all the sheets of wood pulp 


alkali, caustic soda. This causes the 
ellulose fibres to swell. The long 
Bhin cells balloon out. The somewhat 
abby sheets are pressed free from 
surplus caustic soda and torn into 
shreds in a machine called a shredder. 
The alkaline cellulose shreds are 
stored in a bin for a while to age. 
Here, the natural cellulose molecules 
are allowed to break into shorter 
lengths so that the viscose solution 
will have a workable viscosity. This 
is the opposite of making synthetic 
plastics where the molecule is built 
up to the required length from smaller 
units. The average length of the 
cellulose molecule is reduced to about 
one quarter of that in the pulp or one 
eighth of that in the tree. 

Cellulose combines with the strong- 
smelling compound, carbon disul- 
phide (CS,) to form the bright yellow 
compound cellulose xanthate. Carbon 
disulphide is a yellow highly inflam- 
mable liquid which readily vapouri- 
zes. The alkaline cellulose from the 


(left) Unswollen cellulose fibres. (right) 
fibres that have been swollen by treatment 
with caustic soda solution. 


Stages in making cellulose film from wood pulp. 


ageing bin passes into a churn. The 
heavy vapour of carbon disulphide is 
blown into the churn. As the vapour is 
slowly absorbed, the shreds and frag- 
ments tossing around in the churn 
gradually become more and more 
yellow until they can absorb no more 
vapour. This takes about 2 hours. 

From the churn, the xanthate goes 
to a vessel called a dissolver. Dilute soda 
and xanthate are fed in at the top. A 
paddle thoroughly mixes them. The 
xanthate dissolves forming a_ thick 
syrupy liquid, ‘Viscose’, so called be- 
cause of its high viscosity. 

Insoluble bits are then filtered out 
of the liquid and any air bubbles are 
removed from it by treatment under 
vacuum. It is stored for) several days 
to allow it to become chemically ‘ripe’ 
so that it is in a suitable state to be 
made into film. This is a very complex 
reaction and is not yet fully under- 
stood. 

Up to this stage the manufacturing 
process is almost identical with that 
for viscose rayon, but from now on the 
treatment is different. 

The ripe viscose is forced through 
a long thin slot into dilute sulphuric 
acid. This decomposes the cellulose 
xanthate. The carbon disulphide be- 
comes detached from the molecule 
and the cellulose re-forms in_ the 
acidic solution, this time as a trans- 
parent endless sheet. 

The sheet needs purification to 


remove impurities produced by the 
partial decomposition of the viscose 
during ripening, so it is passed through 
a succession of baths which remove 
these impurities. First of all it is 
washed with hot water to remove the 
acid absorbed in it and then with 
alkaline sodium sulphide to remove 
the carbon disulphide. After bleaching 
and being well washed with water the 
cellulose film can be dyed if coloured 
film is wanted. Most cellulose film is 
left in its colourless form. It is finally 


impregnated with a proportion of 
glycerine, and dried. The purpose of 


the glycerine is to keep the film 
flexible even when it is dry. 

The finished transparent cellulose 
film is no longer porous like the sheets 
from which it was made. It is airtight 
and hygienic. For many purposes the 
sheets must be moistureproof to pro- 
tect dry goods (such as biscuits) from 
becoming soft in a damp atmosphere, 
or damp goods (such as fruit cake) 
from becoming dry. The endless cel- 
lulose sheet is passed through a 
moisture-proofing solution and then 
dried. The solution usually contains 
nitro-cellulose resins and waxes, al- 
though some film is now coated with a 
special plastic substance which is just 
as moistureproof and more durable. 

Alternatively, an adhesive coating 


can be put on to the film, by the , 
manufacturers of adhesive tape. This 
is done by chopping bales of crep@ti a 


rubber into slices to be ‘masticated’ 
under great-pressure in a roller mill. 
The prepared rubber is then mixed 
with resin and dissolved in a solvent in 
large vats. The solution is then coated 
on to wide rolls of cellulose film which 
go to the slitting department to be cut 
into reels of varying widths. 

The dry regenerated cellulose film 
is about one thousandth of an inch 
thick (rather less before being coated) 
but even so, it is strong enough for a 1 
inch strip to carry a load of over a 
stone without breaking. 

The moistureproof coating also 
makes it capable of being sealed to 
itself with a hot iron. This property 
enables packets (of sweets or cigaret- 
tes) to be wrapped at very high speed 
on automatic machinery. 

Several countries have helped in the 
development. The viscose process was 
discovered in England, the machine 
for regenerating it into film was 
developed in France and the moisture- 
proofing process was invented in the 


U.S.A. 


‘Cellophane’ film is cast into a long 
continuous sheet, purified, dried, and wound 
onto a roller. 
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BIOLOGY 


THE LIVING ORGANISM 


BIOLOGY is the study of animals 

and plants—the study of living 
things. The word is derived from the 
Greek bios meaning ‘life’. One must, 
therefore, distinguish between living 
and non-living matter. What, for ex- 
ample, is the difference between the 
soil and the rocks on the one hand, 
and the animals and plants among 
them, on the other? In this case the 
difference is fairly obvious but what 
about dead plants and animals ? They 
consist of similar materials to those 
found in living organisms, yet they 
have no life. 

We cannot answer the question 
‘What is life ?’, yet, by studying those 
features that are common to all living 
things, and are absent from inanimate 


The plant in the open grows up straight in 
response to the light but the one indoors by 
the window bends over towards the light. 


objects, we can distinguish between 
living and non-living things. These 
features are the visible results of what 
we call ‘life’. 

The first, and perhaps the most 
obvious feature of living things is 
movement. ‘The ability to move from 
place to place, under their own power, 
is not possessed by inanimate objects. 
Movement in animals is quite ob- 
vious; perhaps to search for food, or to 
escape from enemies. Plants can also 
move, however, as can be shown by 


placing a pot-plant on the windowsill. 
The shoot bends over towards the 
light. Many tiny plants live in water 
and, apart from the green colouring 
matter (chlorophyll) are just like tiny 
animals, swimming about by means 
of whiplike hairs (flagella). 

Allied to movement is the feature of 
irritability. This means that the or- 
ganism reacts in a certain way to its 
surroundings. For example, a flat- 
worm will move away if it senses acid 
in the water. The plant described 
above is reacting to the light. There 
are other, less obvious examples of 
sensitivity, e.g. the mouth-watering 
effect produced by salivary glands 
when stimulated by the presence of 
food. 

Plants absorb carbon dioxide and 
water from their surroundings and, 
by the process of photosynthesis, build 
up sugars. These, together with min- 
eral salts, go to build up proteins and 
new parts of the plant. Animals eat 
plants directly or else they eat other 
animals, but ultimately the animals 
all depend upon plants for their food 
materials. This process of absorbing 
material and using it to build up new 
substances 1s called nutrition. 

Closely connected with nutrition is 
the phenomenon of growth. Increase in 
size is not confined to living matter. 
Crystals grow, but the mechanism is 
very different from that in living or- 
ganisms. Whereas in the latter, mat- 
erial is taken in, broken down and 
reconstituted, and then used through- 
out the body, in crystals more of the 
same material is added at the surface 
only. All living things need energy in 
order to remain alive and distinct 
from their surroundings. The process 
that releases the energy is called 


respiration. Sugar is oxidised in both 
plants and animals and the process 
may be represented by the equation: 


C,H,.0, + 60, —~ 6CO, + 6H,O + energy 
glucose carbon 
(sugar) + oxygen dioxide + water 


This very simplified equation shows 
the net result but does not show any 


of the many intermediate stages. Many 
bacteria can exist without free oxy- 
gen; energy is obtained from other 
chemical reactions. 

As a result of respiration, a large 
amount of carbon dioxide is produced. 
This must be removed. In vertebrate 
animals it normally passes out through 
the lungs or gills, using the same route 
as the oxygen breathed in. In other 
animals it normally passes out through 
the skin. During the building up of 
new body materials there are compli- 
cated chemical reactions involving 
nitrogen-containing compounds 
Some of the latter are waste products 
and must also be disposed of. In 


The flat-worm is very sensitive to chemicals in the water and moves towards a food source and away from acid by an almost reflex action. 


It thus remains in the most favourable places. 
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omical evidenge suggests that the 
Earth cameinto being some three 
thousand ¢hillion years ago or more, 
kesea very hot sphere on which life 
would have been impossible. Gradu- 
ally, as the Earth cooled, conditions 
became suitable for life. We cannot 
say when life arose but it was certainly 
long before Cambrian times (500 
: Mnillion years ago) for Cambrian rocks 
eyicld fossils of a wide variety of 
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The atmosphere of the newly- 
qmed Earth must have been full of 
t Aigkedm and many hydrocarbon com- 
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Movement, in search of food or 
in escape from enemies, 1s one of 
the characteristics of living things. 


animals, this is the work of the kidney 
or other excretory organs. The pro- 
cesses of getting rid of waste (both 
carbon dioxide and nitrogenous com- 
pounds) is called excretion. 

Whereas a stone or a piece of iron 
can exist almost indefinitely, a living 
organism can have only a limited life. 
The cells and protoplasm of which 
living things are made cannot go on 
growing indefinitely. Most of them 
periodically divide into two new cells. 
In simple, single-celled organisms such 
as Amoeba or Euglena, this process 
results in two new organisms but in 
higher animals and plants this cannot 
be. The process of reproduction is more 
complicated. Small regions, or even 


single cells are cut off from the main. 


body and these begin to grow into 
completely new individuals, each of 
which can grow and reach a maximum 
size and then reproduce again. 

These features outlined above are 
all expressions of life but do not 
answer the question ‘what is life?’ 
There is, as yet, no satisfactory answer 
to this question. It may be that life is a 
property of a certain combination of 
chemical compounds — in which case it 
may be possible to produce life artifi- 
cially, or else life may be something 
€xtra to the material of the organism. 


There has been a great deal of dis- 
cussion and argument about the 
origins of life. It is unlikely that this 
question will ever be completely an- 
swered but, obviously, life did begin 
somewhere at sometime. One of the 
most popular early theories was that 
of Richter, put forward in 1865. He 
suggested that life is eternal and 


“%% pounds (e.g. methane) formed from 


the water and the various carbides, 
etc., present. As the Earth cooled 


-}down and the steam condensed, the 


oceans would have developed con- 
taining the hydrocarbons. Many of 
the present day theories of life’s 
origins are concerned with such car- 
bon compounds, for carbon atoms 
have the ability to form long chains. 
It is possible that the joining up of 
various hydrocarbons with ammonia 
and other similar compounds in a 
colloidal (jelly-like) solution could have 
produced a combination that was 


To show that living things respire, air 1s drawn through the apparatus from left to right. 
The soda-lime absorbs carbon dioxide but the limewater on the right turns cloudy showing 
that the animal ts respiring. This experiment also works with seeds. 


exists throughout the universe in the 
form of minute spores he called ‘Cos- 
mozoans’. Spores reaching suitable 
regions would develop and evolve into 
the wide range of living things that 
we know. This theory cannot be held, 
however, for a number of reasons, not 
the least important being the fact 
that ultraviolet and other radiation in 
space would quickly kill any unprotec- 
ted living organism. 

We must accept that life started on 
Earth in the far distant past. Astron- 


capable of growing and reproducing. 

Life may have started in this way 
more than once but, if so, it is possible 
that the later forms were eliminated in 
competition with the already thriving 
life at the time. Whatever the nature 
of life itself, one cannot dispute the 
fact that it has arisen on Earth and 
that a wide range of living forms 
(organisms) has developed. The con- 
tinous process whereby new species 
arise from older ones by slow changes 
.is called Evolution. 
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TRANSISTORS—A Practical Amplifier 


HERE are innumerable ways of 

connecting transistors in circuits, 
and getting them to amplify electric 
signals. The circuit designer knows 
what kind of signal the circuit is to 
amplify, of what frequency it is, and 
its size. He selects a transistor capable 
of dealing with this kind of signal. To 
the three transistor terminals, the 
emitter, the base and the collector (see 


A SMALL PROPORTION 
OF CURRENT 
NORMALLY 

COMES OUT 


OF BASE COLLECTOR 


EMITTER 


SIGNAL CURRENT 
BLOCKS THE PASSAGE 
FOR THE 

EMITTER-TO- 
COLLECT: 

CURRENT 


The transistor amplifies current when 
the signal is fed into it through the 
outlet tube in the base. A very small 
signal current can block the passage 
for the much larger emitter-to-collec- 
tor current. 


page 1050), he connects resistors, 
capacitors or transformers. These have 
the job of regulating the voltages and 
currents supplied to the transistor. 
Transistors operate at fairly low vol- 
tages. For example, the voltage be- 
tween emitter and collector may be 
about 3 volts, and the battery needs 
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supply to the circuit a total of only 
6 volts. 

The additional components around 
transistors fall roughly into three main 
types. First, there are the components 
needed to make sure that the right 
direct currents flow through the transis- 
tor. Two direct currents have to be 
set at their correct values. There is the 
current which starts at the emitter 
and goes right through the transistor 
sandwich to the collector. Then there 
is the current which, instead of going 
from the emitter straight through the 
base (the middle part of the sandwich) 
to the collector, veers off through the 
base. Only about a fiftieth of the 
current from the emitter does this. 
The two currents are set at the right 
values (which vary from transistor to 
transistor) by two resistors. 

These components are used to set 
the direct current supplying the tran- 
sistor. Another group of components 
deals with the alternating signal, feeding 
the signal into: the transistor and 


taking it out after amplification. 

Transistor amplifiers normally con- 
tain several transistors. One transistor 
circuit may be only one stage in the 
total amplifier. The alternating signal 
enters the transistor from the pre- 
vious stage, and goes out of it into the 
next stage, probably to be amplified 
further. The connecting of one stage 
to another is called coupling, and, 
again, there are many ways of doing 
this. 

The current from the previous stage 
is not a pure alternating signal. 
Instead, the signal is present as varta- 
tions of the direct current going 
through the transistor. It therefore 
consists of two components, an alter- 
nating component, required by the 


next stage, and a direct. current 
component, not required by the next 
stage. Usually capacitors form part of 
the coupling, since they allow alter- 
nating currents to pass through them, 
while stopping direct currents. Capaci- 
tors are used together with either 
resistors or transformers (two coils of 
wire, not actually touching but near 
each other so that the current in one 
induces a current in the other. One is 
part of the output of one stage, and 
the other part of the input of the next 
stage). 

The third important part of the 
circuit, which is almost indispensable 
in common emitter circuits (where the 
signal is fed into the transistor via the 
base) stops the transistor from over- 
heating. A capacitor and _ resistor 
connected to the emitter act as bias 
stabilizers. Roughly this means that if 
the passage of the current through the 
transistor heats it, some ‘fixed’ elec- 
trons around the atoms in the transis- 
tor become unfixed, and pass through 
the transistor as an uncontrolled and 
unwanted electric current. They heat 
the transistor even more, and unfix 


—3 VOLTS 


The voltage drop across the bias resis- 
tor is about 6 volts (there is practically 
no difference in voltage between emit- 
ter and base —nearly all the drop 
occurs at the baie fealleceor junction). 
The resistor is chosen so that it lets 
through about a fiftieth of the current 
going through the other resistor. 


CAPACITORS 
ARE SHOWN 
IN GREEN 


RESISTORS 
ARE SHOWN 
IN YELLOW 


The finished circuit, arranged as in the circuit diagram. In practice the arrangement of the 


components is far more compact. 


more unwanted electrons. This process 
may ‘avalanche’ and burn out the 
transistor. The bias stabilizers stop 
this. As this uncontrolled current 
increases, the voltage drop across the 
bias stabilizers increases too. 

The stabilizing circuit is connected 
in such a way that, when the voltage 
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CAPACITORS CONNECTING 
OR ‘COUPLING’ ONE 
STAGE TO THE NEXT 


The capacitors stop the direct current 
part of the signal from the previous 
stage getting through. (They present 
a complete blockage to direct current). 


drop across it increases, the voltage 
difference between emitter and collec- 
tor decreases. The difference in electric 
pressure pushing the current through 
the transistor decreases, the current is 
reduced, and so the increase in current 
through heating is immediately com- 
pensated. 


VOLTAGE INCREASES — 
CURRENT DECREASES 


4 


The current flowing through the 
transistor heats it. Heating may release 
electrons, and increase the emitter- 
to-collector current. Then more cur- 
rent flows through this resistor. From 
Ohm’s Law, the voltage drop across it 
is larger. The battery supplies a maxi- 
mum of 6 volts. When this resistance 
takes a larger share of the voltage, the 
voltage drop between emitter and 
collector is reduced. This automati- 
cally reduces the current, and irons — 
out the heating increase. 
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MAGNETISM 


MAGNETIC 
MEASUREMENTS 


NEARLY all things are magnetic to 

IN greater or lesser extent. A horse- 
shoe magnet, for instance, will attract 
not only iron nails. It will also attract 
or repel paper, glass, water and 
aluminium — though only extremely 
weakly. Magnets are thought of as 
having two poles, North and South, 
and the power of a magnet is described 
in terms of its pole strength. The more 


AS MAGNET IS 
TAKEN AWAY FROM 
MAGNETOMETER, 


THE DEFLECTION [—& N 
DECREASES IN SN 
SIZE 


+—lds 


2ds 
The Inverse Square Law 


The inverse square law states that the 
force exerted by one magnetic pole 


on another paenpric pole’ varies as 


(distance between magnets) 

If a magnet is brought up to a mag- 
netometer, the magnetometer needle 
is deflected. As the distance is de- 
creased the deflection increases. If the 
magnet is long enough (so that the 
effect of one of its poles is not partly 
neutralised by the other), the deflec- 
tion is governed by the inverse square 
law. This means that if the distance is 
halved, the deflection is increased 
four times. 


powerful a magnet, the greater is its 
pole strength and the greater the 
force of attraction or repulsion it will 
exert on another magnet placed near 
it. 

The effect of the magnet on another 
also depends on the distance between 
the two magnets. Surrounding the 
magnet is a magnetic field, the region 
in which the magnet exerts a force on 
another magnet. The field strength 
decreases as the distance from the 
magnet is increased. In this article the 
measurement of strong magnetic fields 
only, (such as arise near a horseshoe 
magnet or on the Earth) will be 
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described. 

The first man to make a scientific 
study of magnets was William Gilbert, 
in the late 1500’s. He showed that the 
Earth behaves like a giant magnet 
with North and South poles. Because 
of the existence of these poles, the 
compass needle always seeks the mag- 
netic North. Two hundred years later 
the French scientist Charles Coulomb 
discovered the law of force between 
magnetic poles. He proved his law by 
magnetic measurements made on his 
torsion balance. 

Coulomb’s Balance 

A Coulomb balance consists of a 
long thin magnet suspended on the 
end of a fine wire. A test magnet is 
first brought up to the suspended 
magnet. It is better to use long mag- 
nets so that only the nearer like poles 
repel one another; the other two poles 
are too far away then to have any real 
effect. Because like poles repel, the 
suspended magnet will rotate, twisting 
the wire. When the suspended magnet 
comes finally to rest, the amount the 
wire is twisted is a measure of the 
force between the magnets. The 
amount of twist is measured by turning 
a knob with a pointer so that the 
suspended magnet is swung back to its 
starting position. The angle the knob 


is turned through—shown by the 
pointer on the scale — gives a measure 
of the force on the suspended magnet. 
Using his balance, Coulomb was able 
to show that the forces between mag- 
nets decreased as the distance between 
them increased. In fact, he established 
the inverse square law for magnets. 
The Magnetometer 

The Earth’s magnetic field varies 
from place to place, depending on the 
kind of rocks below the surface. 
Geologists measure such variations in 
the magnetic field with an instrument 
called a magnetometer. With this they 
can find out quite a lot about the rock 
formations. Special cigar-shaped mag- 
netometers are trailed in cylindrical 
cases behind aeroplanes at the end of 
long cables. The aeroplanes can 
prospect a very large area quite 
rapidly. 


(Left) A Coulomb balance. The suspended magnet 1s deflected by insertion of the test 
magnet. The amount of deflection 1s measured by turning the dial until the suspended 
magnet is back in its first position, when the position of the pointer is read off. (Right) The 
Earth behaves as if a huge har magnet lies along its vertical axis. 
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Valuable information is obtained by measuring the local variations in magnetic field. This 
may be done by trailing special measuring instruments behind an aeroplane. The readings 


are recorded in the aeroplane itself. 


An ordinary magnetometer has a 
small magnet, pivoted like a compass 
needle. The arrangement is contained 
in a circular box with a glass top. A 
light aluminium pointer fixed to the 
magnet, and at right angles to it, 
moves over a circular scale located 
round the perimeter of the box. When 
the magnetometer is placed in a mag- 
netic field the pointer is deflected. 
The deflection measures the strength 
of the magnetic field. The field may 
be the field of a magnet brought 
up to the instrument or the Earth’s 
field. 

The Dip Circle 

The magnet field of the Earth (and 

of all magnets) is represented by lines 


of magnetic force which pass from the 
North pole to the South pole. These 
lines of force are curved and do not 
merely go along the surface of the 
Earth to the poles. The: lines dive into 
the Earth at various angles in different 
places. (A magnet’s lines of force can 
be easily seen with the aid of iron 
filings sprinkled on a piece of paper 
held above the magnet). The angle 
at which such lines of force dip into 
the Earth is called the angle of dip, and 
is measured with a dip circle. 

A dip circle consists of a vertical 
circular scale marked off in degrees. 
A perfectly balanced steel needle is 
pivoted like a see-saw at the centre 
of the circle. It will be found that 


(Left) The Earth’s magnetic field is measured by rotating a coil. A small burst of current in 
the coil 1s measured using a galvanometer. The size of the throw of the galvanometer depends 
on the magnetic field. When a metal window frame is opened, a current is induced in the 


Srame because it cuts the Earth’s magnetic field. 


the needle dips with its North pole 
pointing downwards. Its angle of dip 
will vary as the instrument is taken 
from place to place on the earth’s 
surface. For example, near the North 
and South poles, the dip is go°, that 
is, pointing straight towards the 
Earth’s centre. Near the equator, 
along the magnetic equator, the dip is 
zero, that is, the needle is parallel to 
the Earth’s surface. 

Earth Inductor 

The Earth’s magnetic field can also 
be measured using an earth inductor. 
The operation of this instrument 
depends on one of the most important 
discoveries made in electricity and 
magnetism, Michael Faraday’s dis- 
covery of electromagnetic induction. 

The earth inductor consists of a few 
turns of copper wire wound on a 
wooden frame, which is pivoted so 
that it can swing like a butter churn. 


The free ends of the copper wire are 
connected to what is known as a 
ballistic galvanometer. This instrument 
measures sudden surges of current. 
When the frame of the inductor is 
turned rapidly through 180°, the cop- 
per wire cuts the Earth’s magnetic 
field. In other words, the moving coils 
of wire cut the Earth’s field and a 
current is induced for a short time in the 
coil. This brief current flow is meas- 
ured by the galvanometer, when the 
needle is suddenly thrown across the 
instrument’s scale. Once the inductor 
has been calibrated in a standard 
field, the strength of the Earth’s field 
can be found at any place; the 
‘throw’ produced will be proportional 
to the strength. 
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TECHNOLOGY | 


Two Pedal Control 


D RIVING acar is greatly simplified 

if the clutch, and sometimes the 
gearbox as well, is operated auto- 
matically, leaving only brake and 
accelerator pedals, and of course 
steering, to the driver. 

Automatic clutches have been made 
in several forms, electric, centrifugal, 
pneumatic or hydraulic, but the most 
common is a type of fluid coupling or 
a fluid flywheel. A development of the 
fluid flywheel is the Torque Converter. 
The Fluid Flywheel 

The fluid flywheel has two main 
parts; a driving and a driven member. 
The driving member is a part of the 
outer casing of the whole assembly 
and normally replaces the ordinary 
flywheel, firmly attached to the crank- 
shaft. 

The driven member is attached to 
the gearbox shaft. A number of vanes 
are mounted on both members and 
they are assembled with their vaned 


GEAR BOX 


faces close together in a casing filled 
with oil. When the engine is running, 
the oil in the driving member is 
thrown outwards by centrifugal force 
and guided by the vanes across into 
the spaces in the driven member. If 
the engine is only turning slowly, the 
oil has little energy and only a very 
slight force is éxerted on the driven 
member. When the engine is speeded 
up, the oil is thrown outwards with 
considerable energy and the driven 
member begins to turn, driving the 
vehicle forward (assuming of course, 
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that a gear is engaged). At maximum 
speed the driven member turns almost 
as fast as the driving member. It will 
never be driven quite as fast for the 
circulation of oil must be maintained 
and this relies on the centrifugal force 
in the driving member being greater 
than in the driven. The oil circulates 
in a spiral path because it passes 
through the passages between the 
vanes and at the same time travels 
round the circle of the coupling. 

The fluid flywheel acts as an auto- 
matic clutch providing a gradual and 
smooth engagement as well as acting 
as a transmission ‘shock-absorber’. It 
cannot increase the torque and for 
this purpose a gearbox must be used. 
The Torque Converter 

The function of the torque conver- 
ter is the same as that of the normal 
gearbox, that is, to provide torque 
variation (usually multiplication). But 
whereas the gearbox varies the torque 
in a distinct series of steps, the torque 
converter is designed to vary the 


GEARBOX 
SHAFT 


(Right) section of a fluid torque con- 
verter. (Left) Fluid torque converter 
coupled to automatic gearbox. 


torque both smoothly and automati- 
cally. 

A torque converter is similar to a 
simple fluid flywheel but a third mem- 
ber, the stator, is mounted between the 
driving and driven members. These 
members are generally referred to as 
the impeller and the turbine. The 
impeller pumps oil through the tur- 
bine exerting a force or torque on it. 
If the speed of the turbine is con- 
siderably less than that of the impeller, 
the oil when leaving it will be rotating 
backwards in relation to the fixed 


TURBINE 


IMPELLER 


FLOW OF OIL 
DIRECTED BY 
VANES 


Cut-away view of fluid coupling showing 
flow of oil from impeller to turbine when 
impeller is rotated. 


casing. It is the function of the stator 
blades to reverse this rotation. In 
these conditions the torque on the 
turbine may be up to double that on 
the impeller. 

Maximum torque multiplication 
occurs when the turbine is ‘stalled’, 
with the vehicle stationary. As the 
turbine speed is increased, the torque 
multiplication becomes progressively 
less and when the impeller speed is 
only slightly greater than the turbine 
speed the converter acts as a fluid 
flywheel and there is no multiplication 
of torque. To prevent any obstruction 
by the stator vanes to the spiral flow of 
oil when the converter acts as a fluid 
coupling, the stator is held only by a 
freewheel or ratchet and is allowed to 
rotate in the same direction as the 
impeller and turbine. 

It would be quite possible to dis- 
pense entirely with a gearbox, driving 
a car only through, say, three con- 
verters, to provide the necessary ‘low 
gear’ performance for hill climbing 
etc. This, however, would be expen- 
sive and rather bulky and efficiency 
would not be high. Under the best 
conditions nearly 30° of the engine 
power would be lost. 

More usually a torque converter is 
coupled with a 3-speed gearbox, the 
torque converter acting as a clutch 
for starting and stopping, and with a 
device to change gear automatically. 
This device contains a speed sensing 
‘governor’ and also takes note of how 
far the accelerator is depressed. It will 
change to a higher ratio at a given 
speed unless the accelerator is beyond 
a certain point, when it delays the 
change, thereby allowing greater 
acceleration. 


BIOLOGY 


OSSES and ferns distribute them- 

selves over the surface of the 
Earth by means of tiny structures 
that we call spores. When these spores 
grow, however, they develop into 
plants quite unlike the parent. ‘This is 
most obvious in ferns — the tiny green 
prothallus is very unlike the large 
leafy fern plant which carried the 
spores. Sexual structures develop on 
the prothallus and produce male and 
female cells. The joining together of 
two sex-cells produces an embryo 
which grows into a new leafy fern 
plant. This plant can produce spore- 
capsules and spores. The occurrence 
of two stages in the life history is called 
the ‘Alternation of Generations’. It 
occurs in all organisms that reproduce 
sexually but is most obvious in the 
mosses and the ferns, and some coelen- 
terate animals (e.g. Obelia). 

Every body-cell of a plant or 
animal has a certain number of 
chromosomes. The number is fixed for 
each species. When reproduction takes 
place by the joining of two cells there 
has to be a process whereby the 
chromosome number is halved at 
some stage. This process is called 
meiosis. In most animals it takes place 
during the formation of the sex-cells 
so that the reduced chromosome num- 
ber (haploid condition) is found only in 
these cells. The body cells have the 
full (diploid) number. Meiosis in ferns 
takes place during the formation (oe 
the spores, thus the spores andthe 


but when they join to form embryos 
the diploid number is regained. Most 
ferns produce only one type of pro- 
thallus, but in a few species the male 
and female cells develop on separate 
prothalli and there are in fact two 
types of spore — one producing a male 
prothallus, the other a female one. 
Flowering plants and conifers (i.e. 
seed-bearing plants) always produce 
two types of spore, though not neces- 
sarily on the same plant. As in ferns, 
meiosis takes place during spore for- 
mation. Only the male spore (pollen 
grain) is released. The female spore 
remains and develops in its capsule 
(ovule) and produces one or more 
female cells. In the pine, there is vir- 
tually a prothallus within the enlarged 
spore. Pollen grains reach the female 
structure with the help of wind or 
insects and then divide to produce a 
male cell. Male and female cells join 
and form an embryo. Conifers and 
flowering platits have thus avoided 
the stage of theffree-living prothallus. 
The female ¢gell\is produced and ferti- 
lized without the spore ever leaving its 
capsule. 
As the/embryo grows, it absorbs 
food from the nacellus (the main tissue 
of the gvule). Material from the nucel- 


alled endosperm. The 


(developed from the ovule covering), 
the remains of the nucellus, food 
embryo. 

flowering plants the endo- 
only a short existence — the 
rapidly absorbed into the 
seed-lgaves (cotyledons) which become 
largefand fleshy (e.g. Runner bean). 
Yhe embryo consists of a radicle 
(rgot), plumule (stem) and cotyledons 
seed leaves). Of the latter there are 
everal in a pine seed. Flowering 
plants have either one or two cotyle- 
dons and are grouped therefore into 
Monocotyledonae and Dzicotyledonae. 


PLANT 


MEIOSIS 


POLLEN GRAIN 


(Top) The life cycle of the pine. The 
formation and fertilisation of the female 
cell takes place while still attached to 
the parent plant. The seed is not shed until 
the embryo is well formed. Compare with 
the fern life cycle (inset). 


When the embryo reaches a certain 
stage of development it slows down, 
water is removed from the seed and the 
seed-coat hardens. The. seed is now 
ripe and can be released. The seeds of 
flowering plants are always enclosed 
within the carpel which forms the 
fruit, but those of conifers are naked. 
They are carried on the surface of the 
scales that make up the cones. 

Seeds are resistant to cold and to 
drought but when suitable conditions 
occur they will absorb water and 
begin to grow. The early stages of 
germination and growth are supported 
by the food reserves within the seed. 
These last until the young plant can 
absorb and manufacture its own food. 
The seed is, therefore, a very efficient 
method of reproducing the species — a 
great advance over the condition 
where a tiny prothallus, exposed to 
the elements, is a vital stage in the 
process. 
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Victor Meyer's method for finding molecular weights of volatile liquids. The volum 
certain weight of vapour is found. From this, its vapour density (the number of ti 
gas is more dense than hydrogen) is calculated. The molecular weight is twice the 


density. 
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ATOMIC CHEMISTRY 


Determination of 
- Molecular Weights 


ROUNDABOUT methods have to 

be found for weighing molecules. 
As they are far too small to be seen it 
is impossible to count out a number 
of them and then weigh them. Qualita- 
twe analysis reveals the elements con- 
tained in the compound = and 
quantitative analysis shows in what 
proportion they are present, but it 
does not tell how many atoms of each 
substance are involved. 

By studying the behaviour of gases 
Avogadro showed that equal volumes 
of two different gases contained the 
same number of gas molecules, provi- 
ded that the conditions of temperature 
and pressure were the same for both 
vessels. A bulb filled with the gas 
ethylene contains the same number of 
molecules as a similar one filled with 
hydrogen. As the ethylene bulb is 
heavier than the hydrogen bulb it is 
obvious that the ethylene molecules 
are heavier than those of hydrogen. 
Now an atom of hydrogen weighs one 
unit ‘(atomic weight is 1) and a 
molecule of it consisting of two atoms 
weighs two units (molecular weight is 
2).1f the-ethylene is 14 times heavier 


MEASURING 
TUB! 


(PRESSURE 

OF GAS LESS 
THAN ATMOS- 

PHERIC) 


than the hydrogen ( (molecular weight 
2) then it is obvious that the mole- 
cular weight of ethylene is 14 x 2 
== 28: 

Determinations such as this are 
based on finding the vapour density of 
the substance. This is its density com- 
pared with that of hydrogen. The 
molecular weight is twice the vapour 
density. 

In 1832 Thomas Graham made the 
observation that heavier molecules 
diffused more slowly than lighter ones. 
When a porous vessel is filled with a 
mixture of light and heavy gas mole- 
cules, the lighter molecules diffuse 
out much more quickly than the 
heavier ones. The time taken to 
diffuse out depends on the density of 


the gas. It can be deduced that: 
time taken for gas to diffuse 


time taken for hydrogen to diffuse 


2 


molecular weight of gas 

molecular weight of hydrogen 
If diffusion times are found, then the 
molecular weight can be calculated. 
Vapour densities and hence molecular | 
weights can be found either by direct 
weighing or by diffusion methods. 


THOMAS 
GRAHAM 
1805-1869 


In 1877 the German chemist Victor 
Meyer designed a piece of apparatus 
for finding the molecular weights of 
volatile liquids. (These are liquids 
which require only a little heating to 
change them into a gas). It was his 
idea to convert the liquid into a gas 
and then find the vapour density of 
the gas. To find the molecular weight 
he multiplied the answer by 2. Victor 
Meyer’s apparatus 1s still used in some 
laboratories even today. 

First of all the approximate boiling 
point of the liquid is found and 
another liquid whose boiling point is 
about 30 degrees higher is chosen. 
Some of the volatile liquid is weighed 
into a glass bottle and some of the 
higher boiling point liquid is poured 
into the outer jacket of the Victor 
Meyer apparatus. A Bunsen burner is 
lit underneath or better still an electri- 
cal heater can be used, and the hot 
vapour coming off warms the inner 
tube and the air inside it. As it grows 
hotter, the air inside this tube expands 
and bubbles of it can be seen escaping 
from the trough of water in which the 
side arm is dipping. When the inner 
tube and air reach their maximum 
temperature, the escape of air bubbles 
ceases. Then a graduated tube full of 
water is inverted over the end of the 


METAL 
BECKMANN STIRRER 
THERMOMETER® 


Depression of the freezing point method for 
finding the molecular weight of a pellet of 
solid. The very sensitive thermometer 
measures the drop in freezing point caused 
by the addition of the solid to the solvent. 


Elevation of the boiling point method for finding the molecular weight of a pellet of solid. 
The very sensitive thermometer measures the rise in boiling point caused by the addition of 
the solid to the solvent. 


tube in the trough. The bottle con- 
taining the volatile liquid is dropped 
into the central tube, where, under 
the influence of the high temperature 
the liquid is rapidly converted into a 
gas. The stopper is shot out of the 
bottle and the rush of gas forces air 
out through the side arm to collect in 
the graduated tube above the water 
trough where its volume can _ be 
measured. Various corrections are 
made to find out the volume the gas 
would occupy if it were measured at 
S.T.P. (0°C and at 760 millimetres of 
mercury pressure). Under these con- 
ditions of temperature and pressure, 
1 litre of hydrogen weighs 0-09 grams, 
so the weight of the same volume of 
hydrogen can be calculated. The 
vapour will be a certain number of 
times heavier than the hydrogen and 
the molecular weight twice this value. 

The vapour density method though, 
is useless to deal with solids which do 
not easily form vapours. The effect the 
solid has on the boiling or freezing 
point of a solvent can be used instead. 
A solution always has a higher boiling 
point and lower freezing point than 
the pure solvent. For example, salty 
water freezes at a lower temperature 
than pure water (for this reason salt is 
put down on roads to melt ice) and 
its boiling point is higher than that 
of pure water. 


The lowering of the freezing point 
and elevation of the boiling point 
depends on several factors:— the type 
of solvent and weight of it and the 
weight and molecular weight of the 
substance dissolved in it. 

The molecular weight of the sub- 
stance is proportional to 

the weight of solid dissolved 

drop in freezing point x mass of solvent 

A similar formula is applied to the 
raising of the boiling point. The 
theory behind this is quite complica- 
ted. As the formulae only hold true for 
very dilute solutions, the changes in 
boiling and freezing point can only be 
small, and a very accurate thermo- 
meter is needed for the measurement 
of temperature during such experi- 
ments. For this reason the Beckmann 
thermometer is used. This is a large and 
relatively expensive thermometer 
which reads to a hundredth of a degree 
over a range of 6 degrees. It has a reser- 
voir of mercury and can be adjusted to 
read over the temperature range 0°C 
to 100°C, But it cannot read actual 
temperatures, only temperature dif- 
ferences. This it does very accurately. 

These are just some of the simpler 
methods of finding molecular weights. 
Once the molecular weight of a sub- 
stance is known, its formula can then 
be worked out from the results of 
quantitative analysis. 
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A man lends the local authority £1,000 @ 8% % per annum, over 
7 years. How much can he expect when the money is finally 
paid back? 


Total is principal plus interest 
is £F ul t_x Px fx Px Rl 


tis 7 years: | Pis £1,000, Rs 6% 
So the total sum repayable is +| 000 | + | &7 x 1000 x 6 


which is £1 000 + 100 


imple Interest 


HE borrower needs some extra money. The lender has 

some extra cash available for loan, and he is usually 
unwilling to part with the control of it unless he is paid for 
its use over a period of time. The interest is the extra 
amount, over and above the amount actually borrowed 
(called the principal), which the borrower must pay back 
to the lender. 

There are many ways in which the lender can exact his 
interest. Simple interest is perhaps the most straightforward, 
(and usually the cheapest for the borrower). 

The borrower borrows £200 and promises to pay back 
in full at the end of two years. The rate of simple interest 
is fixed at 5°% per year. This means that the charge per 
year for borrowing £100 is 5% of £100, or £5. If he 
borrowed /'100 for one year, the borrower must pay back 
at the end of the year £105, or the principal, £100, plus 
the interest £5. On £200 over 2 years, he would pay 
back £220. This is the principal, £200 plus £20, (i.e. 
£5 X 2 x 2) interest. After one year of borrowing £100 
at 5°% per year, the borrower owes £105. In simple 
interest, although in fact £105 is now owed, he still con- 
tinues, in the second and subsequent years of borrowing, 
to pay back interest on the principal of £100 only. 

In another kind of interest, the interest is added on to the 
principal. So the borrower pays a little more interest in the 
second year, and even more in subsequent years. This 
represents a better investment from the money lender’s 
point of view. It is called compound interest, and will be dis- 


SIMPLE INTEREST g 5% = 
SO £5 ADDED EACH YEAR 


Tehec-s um Ofek 
money steadily — 
increases from — 
yeartoyear,but = 
the principal(on 
which the 
amount of 
interest is cal- 
culated) re- 
mains the same. 
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cussed in a later article. Simple interest can be calculated 
using a simple formula: 

The principal, the amount of money borrowed, is 
represented by the symbol P. The length of time, in years, 
is represented by the symbol t, and the rate of interest, as 
a percentage, as R. 


If P is £100, the interest after one year is £R. So if the principal 


is only £1, the interest is only a hundredth of this, or oe 


If the principal is £P, the interest is P times more or 


2x PXR 
100 


After three years the interest is three times as much or £3 x P x R 
100 


£xPxR 
100 


After two years, the interest is twice as much or 


So after t years, the interest payable is 


Interest = £t xX PXR 
100 


The total amount which must be paid back after t years is the 
principal £P plus the interest. 


| INTEREST— | 
£25 


| PRINCIPAL — 
£100 


' 
| 
t 
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PHYSIOLOGY 


The Thyroid Gland 


R a hundred years or more it has 
been apparent that such conditions 
as goitre (enlargement of the thyroid 
gland) and cretinism are particularly 
common in certain regions of the 
world. The Himalayan plateau, the 
Alpine region of Europe, the Andean 
plateau in South America, states 
bordering the Rockies and the Great 
Lakes of North America, and Derby- 
shire (hence the condition known as 
‘Derbyshire neck’) are examples. 
These are either mountainous or in- 
land areas. Certainly a major factor in 
the cause of such thyroid abnormali- 
ties would appear to be lack of the 
necessary amount of iodine in the soil. 
The explanation for this is that most of 
the iodine in the soil of mountainous 
and inland areas has been leached out 
and carried to the sea. This idea is 
supported by the fact that the inci- 
dence of goitres is lower in areas close 
to the sea. Furthermore, tests show 
the soil, and vegetables that grow 
there, to contain greater amounts of 
iodine. 

The association of a lack of iodine 
in the diet with abnormality of the 
thyroid gland provides an important 
clue to its role in the body. We now 
know that the thyroid is concerned 


A world map showing parts of the world where 


incidence of goitres is high. 
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AREAS WITH 
HIGH GOITRE 
INCIDENCE 


with the metabolism of iodine to a 
greater extent than any other part of 
the body. Its function is to incorporate 
the iodine supplied in the diet into 
large organic molecules — the thyroid 
hormones — whose action affects all 
other parts of the body from the time 
that it develops in the unborn child. 

The thyroid gland is an ‘H’-shaped 
structure situated in the neck, in 
front of the windpipe and under the 
‘Adam’s apple’ or thyroid cartilage. 
The ‘H’ consists of a right and left 
lobe connected by a narrow isthmus. 
It is approximately one and a half 
inches in height, about one inch 
across and four fifths of an inch deep. 
It has an extremely rich blood supply. 
The tissue of the gland is mainly made 
up of numerous hollow, spherical sacs 
or follicles whose walls are one cell 
thick. The cavity of each follicle is 
filled with a protein-like jelly known 
as colloid. 

The colloid contains proteins, en- 
zymes, the thyroid hormones pro- 
duced by the cells of the follicle wall, 
and the compounds from which they 
are built up. The amounts of each 
that are present vary from time to time 
and from one follicle to another. The 
colloid is more than a_ reservoir, 


the soil todine content is low and where the 
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A diagram showing the position of the 
thyroid gland. 


therefore. It is somewhat like a whole- 
sale warehouse, always keeping a 
basic stock of numerous articles, some 
finished and others ready to be put 
together, the numbers of each varying 
as fresh supplies come in and as 
orders are despatched; and just as 
some supplies to a warehouse may be 
despatched as soon as they arrive 
whilst others may be stored to meet 
future demands, so the thyroid hor- 
mone may be released directly into 
the bloodstream or stored in the 
colloid. A feature better shown in the 
thyroid than in any other endocrine 
gland is the storage of hormone 
outside the cells that produce it. 

Present knowledge indicates that 
the major hormone secreted by the 
thyroid is thyroxine. Its molecule is 
formed by the combination of two 
molecules of tyrosine (an amino acid) 
each of which has had two hydrogen 
atoms replaced by two atoms of iodine, 
with the elimination of alanine (an- 
other amino acid). A substance similar 
to thyroxine but containing only 
three atoms of iodine in its molecules 
is also produced and released into the 
bloodstream. This is called tri-iodothy- 
ronine. Though not produced in such 
large quantities as thyroxine, its mole- 
cules have a greater effect on the body 
cells. 

Both thyroxine and_ tri-iodothy- 
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Much of the iodine absorbed into the blood from the food is taken up by the thyroid gland. When the gland is overactive it takes up excessive 
quantities of iodine. If underactive it takes in less than the normal quantity. In medical diagnosis the gland’s activity may be determined by 
measuring with a Geiger counter the amount of radioactive iodine that has passed into the gland from a known quantity taken previously by 
mouth. 


ronine cause an increase in the rate at 
which chemical reactions proceed 
within cells by promoting the activi- 
ties of enzymes. The oxygen uptake of 
the cells is increased in association 
with this. The thyroid gland has such 
an important role in the body through- 
out the life of the individual that 
abnormalities may have far-reaching 
effects. In a young child, if the 
thyroid fails to produce sufficient 
hormone, cretinism may result. The 
child is both mentally and physically 
backward. Lack of iodine in the diet 
may also produce the same condition. 
The thyroid receives insufficient i0- 
dine and so is unable to manufacture 
enough hormone. The production of 
too little thyroid hormone in the 
adult causes myxoedema. Common 
symptoms of this condition are 
thickening of the skin, which has a 
characteristically puffy appearance, 
increase in weight, the hair becomes 


A block diagram illustrating the structure 
of the normal thyroid gland. 
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FOLLICLES 
WITH COLLOID 


coarse and brittle, and mental and 
physical reactions are slowed down. 

Treatment of cretins, at an early 
stage, with thyroid extracts has 
largely overcome the defects in some 
cases. Startling results have been 
obtained with this treatment for myxo- 
edema and complete cures effected. 
Cretinism may also be relieved by the 
addition of iodine to the diet. 

This picture of the thyroid is 
straightforward but there are puzzling 
facts that make it more of a jigsaw. 
For example, in myxoedema the gland 
may be enlarged, yet myxoedema is 
caused by underactivity of the gland. 
Enlargement (goitre) may also be due 
to lack of iodine in the diet and a 
further complication is that enlarge- 
ment of the gland is often characteris- 
tic of an overactive thyroid. This may 
be hereditary or the result ofa tumour. 
So-called exophthalmic goitre is one form 
of this condition in which the patient 
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The appearance of the overactive thyroid 
gland. Note the infolding of the cell layers 


and scant colloid. 


becomes irritable, nervous, his pulse 
is rapid, the eyes bulge and the skin 
may feel warm. A period of exhaustion 
and fatigue may follow this excitable 
stage. The patient is advised to rest 
and iodine may be administered for a 
short period prior to operation. This 
too is puzzling — why should iodine 
relieve both an overactive and an 
underactive thyroid? Even the ad- 
ministration of iodine after operation 
may aid complete recovery. 

The activities of the thyroid are 
closely related to those of the tissues 
as a whole. The discussion above 
shows that the relationship is not a 
simple one. The pituitary gland is 
particularly important in controlling 
the thyroid. It produces the thyro- 
tropic hormone which causes the 
thyroid to elaborate more thyroid 
hormone. The amount of thyroid hor- 
mone in the blood itself affects the 
production of thyrotropic hormone; 
a high level reducing its production, 
a low level increasing it. 

An interesting finding is that there 
is a seasonal variation in the quantity 
of stored iodine present in the thyroid 
of such animals as pigs and sheep. 
The quantities are lower in winter 
and spring, when more heat has to be 
produced in order to combat con- 
ditions of stress, such as cold. The 
thyroid enlarges slightly during preg- 
nancy, as well. 


MATHEMATICS 


The complicated circuits in an analogue computer are often divided into smaller units (like 
the printed-circuit card the operator is inserting), so that they can be easily changed to suit 


particular problems. 


The Analogue Gomputer 


IGITAL computers are used when 

a complicated calculation, involv- 
ing a lot of numerical information, has 
to be carried out very quickly, to 
arrive at an accurate, single answer. 
The information is typed on to 
punched tapes or cards by the human 
operator, and after the computer has 
done its work the result is printed out 
by the machine on to another punched 
card or teleprinter sheet. 

Analogue computers are used to 
carry out calculations using informa- 
tion which might be varying with time, 
so that the answer varies with time, 
too. For this reason, the analogue 
computer is particularly useful for 
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In the adding circuit, the addiionmor 
two input voltages produces a voltage” a 
; eget the sum of the inputs. — 
practice, it is not the “vaheages "> 
chertsehves which are a 
but the current flowing in resistors. A 
current flows when a voltage is applied 


_ toa resistor. Ina computer, the two 


voltages added together are each | 
. aephed to two resistors in parallel. — 
hese two resistors are ‘connected in 


series with a single small resistor. The — 
currents flowing in R, and R,areadded 
tagechet, amt hes and ise bee ge went . 
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dealing with dynamic systems where, 
say, changes in speed or position of 
one component cause changes in 
another component. 

Suppose, for example, that during 
the design stage of building an aero- 
plane the designer wishes to know how 
the vertical position of the aeroplane 
in flight will be altered by changing 
the angle of the wing flaps. Instead 
of waiting until the aircraft is built 
to try it out in practice, he can set 
up an analogue computer, and feed 
into it a changing voltage representing 
the change of flap angle with time. 

The computer will work on this 
information and will ‘write’ a voltage 


‘across R, is proportional to this com- 
_ bined current. This output voltage is 

_ proportional to the sum of the input 
Sain ie. V,+V;. 


OUTPUT 
PROPORTIONAL 
TO V,+V, 


“The-outpur voltage obtained in such 
a circuit is too small to use, so it is 
amplified in a special amplifier, called a 
direct. current amplifier. 
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The Multiplying Circuit 


The object of a multiplying circuit is 
to receive two voltages V, and V, and 
to produce an output voltage propor- 
tional to their product (V, X V,). 

A number of ingenious and compli- 
cated methods of carrying out multi- 


OUTPUT 
=V,xV, 


plication have been developed. One 
multiplying device is the servo-multi- 
plier. 

This depends on the potentiometer 
principle for its operation. If, for 
example, 10 volts is applied across a 
resistance wire, then, by ‘tapping’ off 
a contact halfway along the wire, a 
voltage of 5 volts is obtained because 
the voltage ‘drops’ from 10 to zero 
from top to bottom of the resistor. 

In the servo-multiplier the position 
of the wiper contact is made to depend 

TAPPING OFF 


B. HALFWAY 
/, ALONG WIRE 
INPUT 
= 10 VOLTS 


OUTPUT 
= 5 VOLTS 


on the second voltage fed into the 
multiplier. The first voltage is placed 
across the resistance and the second 
voltage fed to a servo-motor. 

This motor moves the wiper to a 
position which depends on the vol- 
tage. If, in the above example, I0 is to 
be multiplied by 6, the 10 volts is put 
across the resistor, and 6 volts to the 
servo-motor. The motor then moves 
the wiper to the 6 volts position. 

In this example it will be seen that 
the result, 6 volts, is one tenth of the 
required result 10 x 6 = 60 volts, so 
the result is proportional, but not equal, 
to'the required value. It can be made 
equal to 60 volts by feeding it into a 
circuit that amplifies the result ten 
times. 

INPUT TO MOTOR 
POSITIONS WIPER 


AT ‘6 VOLTS’ 
ALONG RESISTOR 


AMPLIFIER 
»| GAIN=10 


OUTPUT 
= 60 VOLTS 
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The Computer as a Simulator 


An analogue computer can be used to 
simulate the effects of changing con- 
ditions on a particular object. Suppos- 
ing, as a simple example, that the 
reactions of a helmsman to waves hit- 
ting his ship are to be studied. 

A voltage generator, which produces 
voltage pulses representing the turn- 
ing effect of the waves on the ships, is 
connected to a cathode ray oscillo- 
scope. Every time a pulse representing 
ship movement arrives, the spot on the 
oscilloscope is deflected across the 


face of the tube. 
- 


VARIABLE 
CONTACT ON 
RESISTOR 


! 
La 
Also fed into the oscilloscope is a 
voltage representing the movement of 
the ship’s wheel by the helmsman. 
This is produced by attaching to the 
wheel an electrical contact wiper. The 
wiper ‘picks off a voltage from a 
variable resistor placed across a bat- 
tery. As the wheel is turned, the 
wiper moves along the resistor and a 
varying voltage is fed to the oscillo- 
scope. This voltage neutralises the 
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The pilots are experiencing actual flight conditions while they are on the ground. All the 
effects.of flying are simulated by an analogue computer. 


signal voltage from the generator, so 
by moving the wheel to keep the spot 
at the centre of the tube the helms- 
man can learn to steer the ship to 
counter the effects of waves. 

A more complicated simulator is the 
flight simulator used in training pilots 
of aircraft. By moving the ‘controls’, 
voltages are fed into a computer; this, 
in turn, feeds back voltages to the 
instruments in the cabin so that they 
react in exactly the same way as those 
in a real aircraft when its controls are 
moved ina similar manner. In order to 
train the. pilot, great care is taken to 
make the simulator as realistic as 
possible. The sounds of the engines are 
fed in through loudspeakers and it is 
arranged that these engine sounds 
change appropriately as the throttle is 
moved. Even the squeal of the tyres on 
the runway as the aircraft is ‘brought 
in to land’ is heard at just the right 
moment while arrangements are made 
to make the ‘feel’ of the controls 
change in just the same way as those in 
a real aircraft. The simulator does not 
need much extension to include a 
place for an engineer and a navigator 
to be trained as well. The instructor is 
able to alter the conditions at will, to 
make the instruments change as if, say, 
there is a cross-wind, to make more 
drastic changes as if one of the engines 
is failing. All these test the ability of the 
crew to cope with greater difficulties. 
In this way the actual flying time re- 
quired to train aircrews may be 
reduced by about three-quarters. 


wave form on the face of a cathode 
ray tube representing the change in 
vertical position of the aeroplane 
with time. 

It is usual for the analogue com- 
puter to deal with information sup- 
plied in the form of a varying voltage 
signal rather than a series of electrical 
pulses, as in the digital computer. 

The data received is represented by 
a value of voltage. If, for example, 
the numbers 6 and 3 are to be added 
together, then 6 volts is added to 3 
volts in an adding circuit to obtain an 
answer of g volts. 


T 


ee: mE Se ee 
ae ee > 
MOVE FULCRUM 
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VOLTAGE 


VOLTAGE 
A lever can amplify movement. The elec- 
tronic analogy is a valve or transistor 
amplifier, which amplifies voltage or cur- 
rent. 

Like the digital computer, it has a 
fairly standard pattern of construc- 
tion. There is an input system and an 
output system, where voltages repre- 
senting the varying quantities are fed 
in and ‘written’ out. The intermediate 
units, for carrying out the calculations 
on the information fed in, are connec- 
ted together by the operator before the 
computer receives the problem. ‘The 


Setting up a problem on the detachable 
patch panel of an analogue computer. 


Aw 


DAVY, 


Automation and the Computer — 


Interesting applications of analogue 
computers arise in automation. Some 
industrial machines are controlled 
accurately by signals from computers. 

‘Larger analogue computers have 
been used to guide the cutting head of 
a machine tool (a lathe, for example) 
while it is cutting out a complicated 
shape. Shaping on a lathe is done by 
pressing a cutting tool into the job 
as it is spinning. By varying the 
amount that the tool cuts into the 
material as the cutting edge moves 
along the lathe, any rounded shape can 
be produced. Instructions of the dia- 


input and output wires of these units 
— adding units, multiplying units etc., 
are connected together on a ‘patch 
card’. The sequence of operations in 
the computer is decided by the way 
these connections are made. 

In order to understand how the 
analogue computer works, it must 
first be realised that the behaviour of 
most machines and moving bodies can 
be represented by a number of mathe- 
matical processes. Consider, as an 
example, the ordinary lever, which is 
perhaps the simplest machine one can 
think of. In a lever, a small movement 
can be amplified into a big movement 
if the pivot, or the fulcrum is nearer 
one end than the other. The distance 
moved by one end of the lever can be 
found by multiplying the distance 
moved by the other end by a ratio: 
distance of one end of lever from fulcrum 
distance of other end of lever from fulcrum 

This amplification of movement can 
be easily represented in an electrical 
circuit. If a voltage representing dis- 
tance moved by one end of the lever 
is fed into an electronic amplifier, 
then the voltage output of the ampli- 
fier can be made to represent the 
distance moved by the other end, if 
the amplifier is designed to have an 
amplification equal to the amplifica- 
tion of movement. 

In this example, the action of the 
machine is represented in mathemati- 
cal terms by multiplication, and this 
is, in turn, represented by electrical 
amplification. 

In more complicated machines, a 
complete process might be represented 
by a series of mathematical steps. 
This could include addition and sub- 
traction, multiplication and division, 


meters required at different fixed 
positions along the workpiece are fed 
into the computer which then cal- 
culates the position the tool has to 
take up at intermediate positions 
along the length of the lathe. This is 
done by solving mathematical equa- 
tions within the computer. These posi- 
tion values are, in turn, converted into 
appropriate voltages and fed to'a motor 
controlling the sideways movement of 
the cutting tool. é 

Automatic machines can make things 
as accurately and more quickly than 
the most skilled of machine operators. 


all of which can be easily carried 
out in electrical circuits. In addition 
to these elementary mathematical pro- 
cesses the computer will probably be 
called upon to carry out differentiation 
and integration. 

Differentiation provides the rate of 
change of a quantity with time. For 
example, the rate of change in position 
of a body is its speed. If an electronic 
differentiating unit is fed with a signal 
which represents the position of a 
body, then it will find the rate at 
which it changes its position and 
automatically calculate its speed. 

Integration is the opposite of dif- 
ferentiation, and an integrating unit 
will convert the speed signal into a 
position signal. These last two units 
are obviously very important when 
the computer has to deal with moving 
parts of machines, or with missiles 
and aircraft in flight. 

Using a combination of units which 
carry out these mathematical steps, 
complicated calculations on changing 
quantities may be made. 

In practice, these are two main 
types of analogue computers, the 
general purpose computer and the simula- 
tor. The general purpose machine 
consists of a number of ‘building 
blocks’ which handle particular 
mathematical problems, as required. 
Simulators are computers which are 
especially built to solve particular 
problems such as the one involving 
the aircraft flap mentioned previ- 
ously. In this example, the computer 
acts as if it were an aeroplane reacting 
to a movement of one of its controls. 
In other words the action of the air- 
craft is being s¢mulated by the com- 
puter. 


Integrating and 
Differentiating Circuits 


Suppose a car is travelling at a speed 
of 30 miles per hour. After 20 minutes 
it has travelled 10 miles; after 40 
minutes it has travelled 20 miles, and 
after | hour it has travelled 30 miles. 
By integrating the speed (30 miles per 
hour) over time (I hour) the distance 
travelled (30 miles) can be obtained. 

This may be done in the electronic 
circuit shown. The electric current 
from the speedometer of the car is fed 
into a capacitor. The capacitor collects 
electric charge. The quantity of charge 
collected depends on the current 
flowing, and the time it flows. The vol- 
tage across the capacitor increases in 
proportion to the charge on its plates. 
This means that the total distance 
travelled in a given time is represen- 
ted by the value of voltage across the 
plates of the capacitor at the end of 


RESISTOR 


OUTPUT 

VOLTAGE 
CAPACITOR 
DISTANCE 


SPEEDOMETER 


that time. This is the basis of the 
integrating circuit. 

In practice, a more complicated cir- 
cuit is used because the voltage on the 
capacitor does not increase linearly 
(this means that the voltage after 2 
minutes will not be exactly double that 
after one minute). By using an ampli- 
fier in conjunction with the integrating 
circuit linearity is, however, achieved. 


ae 


INPUT VOLTAGE 
REPRESENTS 
SPEED 


CAPACITOR 


OUTPUT 
VOLTAGE 
REPRESENTS 
ACCELERATION 


RESISTOR 


‘The basic differentiating circuit con- 
sists of a resistor and a capacitor 
connected as shown. A capacitor allows 
currents which are changing in size, to 
pass, but not steady currents. The 
capacitor will pass the variation in a 
current from the speedometer of the 
car. These current variations pass on, 
down through the resistor, producing 
an output voltage across it. It can be 
shown mathematically that the size of 
the voltage output across the resis- 
tance is in proportion to the rate of 
change of the input current. If then, 
the speedometer current is passed 
into the capacitor, the voltage output 
across the resistor is proportional to 
the rate of change of speed of the car — 
i.e., its acceleration. Such a circuit is 
called a differentiating circuit. These 
circuits are sometimes used in ana- 
logue computers. 


1107 


REPRESENTS 


THE CONE BEARERS 


FOSSILISED plant remains from 
various parts of the world show that 
even before Carboniferous — times 
(nearly 300 million years ago) a 
number of fern-like plants were pro- 
ducing seeds. They retained the female 
spore on the parent until after the 
female cell had been fertilized. The 
embryo and its protective covering 
was then released as a seed. The seeds 
were borne on the edges of norma: or 
slightly modified, fern-like leaves. 
These ‘seed-ferns’ were very common 
during the time that the coal measures 
were formed but then became rare and 
disappeared. Similar plants must, 
however, have been ancestral to the 
modern _ seed-bearing _ plants —'the 
conifers and the flowering plants. 


A male cycad plant showing the large palm- 
like leaves and the male cone. In Ceylon 
and other Eastern Countries the stout stem 
is used as a source of food (sago) (Inset) 
A female cone of the genus Cycas. 
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Although modern conifers such as 
the pine and spruce, with their large 
woody trunks, small leaves and seeds 
always in cones, are far removed from 
their fern-like ancestors, there is a 
group of plants that shows many in- 
termediate characters. These plants 
are the Cycads of which there are 
several genera in tropical and sub- 
tropical regions. The stem is stout 
and unbranched and carries a crown 
of large pinnate leaves, giving the 
plant a palm-like appearance. The 
ovules and pollen sacs develop on 
special leaves (sporophylls) that are 
scale-like and grouped into cones, just 
as in the Pine. In the genus Cycas, how- 
ever, the female sporophylls are more 
leaf-like. Male and female cones grow 
on separate plants. The male cells 
released from the pollen grains after 
pollination have flagella and actively 
‘swim’ towards the female cell. This, 
and other primitive features, are lost 
in the true conifers such as the Pine. 

Cycads and conifers are just two of 
the sub-groups of the group of seed- 
plants called Gymnosperms. Other mem- 
bers include the Yew, Japanese 
Maidenhair ‘Tree (Ginkgo), and 
various fossil groups. They are dis- 
tinguished from the flowering plants 
(Angiosperms) because the seeds are 
not enclosed in a fruit. 

The true conifers are all trees. 
There is a much greater development 
of woody tissue than in the cycads. 
Conifers make up an important part 
of the vegetation of the cooler parts of 
the world. Although there is some 
variation in the form of the leaves 
and shoots, the important features of 
the conifers can be observed by 
studying the Pine (Pinus sylvestris). 

The young pine has a somewhat 
conical shape but as it grows old, 
many of the lower branches are lost 
and the shape is destroyed. There are 
two types of leaf; small brown scale 


leaves, and the green ‘needles’. The 
latter are formed only on dwarf side- 
shoots (spurs), never on the main 
shoots or branches. The dwarf shoots 
arise in the axils of scale-leaves on the 
main shoots. The needles contain a 
great deal of strengthening tissue and 
are able to withstand very cold and 
dry conditions. The spurs and their 
needles last only a few years but they 
are not shed all at once as are the 
leaves of deciduous trees. The tree is 
thus evergreen. 

The overall structure of the stem is 
much the same as in the flowering 
plants but the detailed structure of the 
tissues varies. There are no long 
xylem conducting vessels. The root 
system is normally a tap-root with 
branches. Root hairs are not well 
developed but there is a close re- 
lationship with a fungus which helps 
in the absorption of water. 

Male and female cones are formed 
on one tree. Clusters of male cones 
develop in spring at the base of 
young shoots. Above the cones, the 
shoots bear spurs. Each male cone 
consists of a central stem and numer- 
ous spirally arranged scales. Each 
scale carries two pollen sacs on its 
lower surface. Attached to the pollen 
grains are tiny air-sacs which aid in 
wind dispersal. 

The female cones first appear at the 
ends of some of the young shoots, as 
small red erect structures. A number 
of tiny bract scales are arranged spirally 
round the axis, and on each bract 
scale there is a large ovuliferous scale 
which carries two ovules. Each ovule 
consists of a mass of tissue (the 
nucellus) surrounded by a covering (the 
integument). One of the cells of the 
nucellus divides a number of times 
and then, by a reduction division 
(meiosis), forms four haploid spores. 
Only one survives and is called the 
embryo-sac. At about this stage (May or 


June in the Northern Hemisphere) 
the female cones are pollinated. The 
scales separate and pollen from the 
male cones can enter and reach the 
ovule. 

After pollination the scales close 
up and the cone stalk bends over so 
that the cone hangs among the needles. 
The pollen grain reaches the nucellus 
via the micropyle and a pollen tube 
grows into the nucellus. Development 
of the pollen grain then stops for 
about a year in the Pine, although 
this is not so in most conifers. During 
this interval many changes occur in 
the female cone and ovule. The cone 
as a whole enlarges and turns green. 
The embryo-sac grows and forms 
inside it a mass of tissue that corres- 
ponds to the prothallus of the fern. 
Female cells develop in this prothallus. 

In the spring of the second year 
(i.e. nearly a year after pollination) 
the pollen-tube again begins to grow 
and reaches the female cells. Within 
the pollen tube the pollen cells have 
been dividing and eventually produce 
a male cell that joins with one of the 
female cells to produce an embryo. 
This is the act of fertilization. Re- 
peated division of the embryo cells 
produces a tiny pine plant consisting 
of root, stem and some seed-leaves 
(cotyledons). The prothallus becomes 
swollen with food tissue and the 
nucellus almost completely disappears. 
The covering of the ovule hardens and 
becomes the seed coat. 

The changes associated with fertili- 
zation and seed development take 
about a year. The female cones, when 
ripe, are brown and woody. The 
scales open in dry weather and release 
the seeds which are provided with a 
thin membrane from the upper sur- 
face of the scale. Thus, in the Pine, the 
seeds are shed in the third year of the 
life of the cones, a little over two years 
after their first appearance. The 
majority of the conifers, however, re- 
quire only one year for the process. 


Fe ee ee ee ee ee ES 


LARCH 


NEW 
FEMALE CONE 


Section of a male cone 
showing pollen sacs and 


pollen grains. LAST YEAR'S 


FEMALE CONE 
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Section Of an ovuliferous scale 
and mature ovule. 


A branch of the Pine in spring. At the tips of 
the upper shoots are the young female cones. 
The female cones just below them were 
pollinated the previous year and now con- 
tain fertilized ovules. The brown mature 
cone is two years old and is now shedding its 
seeds. This year’s male cones are on the 

i, lower shoots. 


A section of a young female cone x 
showing the scales and ovules. 
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ORGANIC CHEMISTRY 


ACETYLENE 


HE gas acetylene which was once 

used as an easily portable source 
of light for bicycles and motor vehicles 
is now required as a raw material in 
the manufacture of many important 
compounds such as vinyl plastics and 
synthetic rubber. In addition, quite 
large quantities of the gas are needed 
for use in oxy-acetylene blow pipes 
for cutting and welding iron and steel. 

Acetylene’s former popularity as a 
portable source of light was due to 
the ease with which the gas could be 
made. By allowing cold water to drop 
steadily on to calcium carbide powder 


; OW a raw material 
for the digit stig of several organic com- 
pounds, a large quantity is still needed for 
welding purposes. 


a constant supply of acetylene is 


maintained. 

CaC, + 2H,O = Ca(OH), + C,H, 
calcium water calcium acetylene 
carbide hydroxide 


This same chemical reaction is used 
in one method of obtaining acetylene 
on an industrial scale and in its 
preparation in the laboratory. 

The calcium carbide itself is made 
by heating coke (obtained from the 
manufacture of coal gas from coal) 
with quicklime at about 2500°C. 


3¢ + CaO =  GaG. +: CO 
carbon calcium calcium carbon 
(coke) oxide carbide monoxide 


This process, which is continuous, 
is carried out in an electric furnace. 
Molten calcium carbide is withdrawn 
from the bottom of the furnace to 
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cool and solidify. Since the product 
contains small quantities of calcium 
sulphide and calcium phosphide the 
resulting acetylene is contaminated 
slightly by the presence of hydrogen 
sulphide (H,S) and phosphine (PH,). 

In recent years methods have been 
developed for making acetylene by 
the decomposition of other hydrocar- 
bons present in natural gas and in the 
gas obtained by cracking petroleum. 
By passing either of these gases, which 
contains a high proportion of methane, 
through an electric arc at about 
1500°C two molecules of methane 
break up to yield one molecule of 
acetylene and three molecules of hy- 


drogen. 
2CH, = C,H, + 3H, 
methane acetylene hydrogen 


The product of the reaction must be 
cooled rapidly to prevent, so far as 
is possible, any further reactions with 
the acetylene. 

As will be seen from its formula 
(HC=CH) acetylene is a compound 
of hydrogen and carbon (a hydrocar- 
bon) in which three of the four valency 
bonds of each carbon atom are used in 
holding the two carbon atoms in the 
molecule together. It is, therefore, 
another unsaturated compound since 
only single valency bonds are needed 
to link the two carbon atoms. The 
‘extra’ valency bonds are very re- 
active; acetylene is more reactive 
than ethylene, in which the carbon 
atoms are linked only by double bonds 
(H,C=CH,). Acetylene readily 
undergoes addition reactions with hy- 


drogen, the halogens and the halo- 
gen acids such as hydrogen bromide. 
In these reactions the ‘extra’ bonds 
linking the carbon atoms are severed 
and are used in attaching the new 
atoms to the carbon atoms. 

Like methane and ethylene, which 
are the first members of two families of 
hydrocarbon compounds, namely the 
paraffins and olefines, acetylene is the 
first member of another family, the 
acetylenes. The general formula for this 
family of compounds, in which a 
triple bond (—CG= C—) links a pair of 
adjacent carbon atoms, is C,H,,—, 
where n is a small whole number. The 
first two members of the family have 
for many years been known respec 
tively as acetylene (HC=CH) and 
methyl acetylene (CH, —C=CH), but 
in the systematic method of naming 
the series, —yne is substituted for — ane 
in the name of the corresponding 
saturated hydrocarbon (paraffin). 
Thus the alternative name for acety- 
lene is ethyne, while methyl acetylene 
is propyne. The series then goes to 
butyne, pentyne and hexyne. The con- 
ventional method of numbering the 
carbon atoms is used to identify the 
position of the triple bond. 

Acetylene is a colourless gas with 
hardly any odour. When acetylene 1s 
compressed it becomes explosive. 
Nevertheless a portable container for 
the purified gas is required to supply 
oxy-acetylene burners. The dangers 
of explosions have been overcome 
since acetylene readily dissolves in 
organic solvent such as acetone. 
Whereas most gas cylinders contain 
gases under high pressure, cylinders 
of acetylene contain a porous sub- 
stance like hard clay soaked in acetone. 


Some Acetylene and the Corresponding Paraffins 


i | ETN ASE EEeo 
H —C——C— H ho SS cH 
ETH-ANE | 
H H 
PROP-ANE PROP-YNE 
H oH H OR METHYL ACETYLENE yy 
[2 eA . | 
H —-C —C—c—H H —c —cH c—H 
ee | 
H H H H 
BUT-ANE 4, He 1-BUT-YNE 3 : 
Peed ee 
Lu leroy Seren aeons en IS x 2 1 H —=C ——c—c Sc—H 
ee beat 
H iS eee eany H H 
Soest 


COKE AND 


COKE AND 
QUICKLIME 


QUICKLIME 


CARBON MONOXIDE omen 


Manufacture of Calcium 
Carbide and Acetylene 


The acetylene, is therefore, stored in 
solution in acetone. 

When acetylene burns in air a 
smoky flame is usually produced. On 
account of a shortage of oxygen, not 
all the carbon atoms in the acetylene 
molecules are converted into carbon 
dioxide, instead some remain as atoms 
of carbon which make the acetylene 
flame luminous and smoky. Complete 
combustion of acetylene in accordance 
with the equation: 


2C,H, + 50, = 4CO, + 2H,O 
acetylene oxygen carbon water 
dioxide (steam) 


is achieved in the oxy-acetylene blow- 
pipe by having an excess of oxygen. 
Acetylene reacts with compounds of 


Acetylene in Addition Reactions 


ACETYLENE 


I 


some metals to form acetylides which 
are explosive when they are dry. Thus 
if acetylene is passed into a solution 
of cuprous chloride to which am- 
monia has previously been added, a 
red powder, copper acetylide, comes 
out of solution as it is insoluble. 


Cu.Cl, + C,H, + 2NH, = 

cuprous acetylene ammonia 

chloride €u.G, a 2NH,Cl 
copper ammonium 
acetylide chloride 


However, some of the most import- 
ant reactions in which acetylene 
takes: part are the addition reactions. 
Thus acetaldehyde is obtained when 
acetylene combines with water. The 
reaction is carried out at 60°C and the 
gas is passed into dilute sulphuric acid 
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to which mercuric sulphate (catalyst) 


has been added :— 
HC=CH + H,O = 


acetylene water 


CH,CHO 
acetaldehyde 
This reaction is the basis of one com- 
mercial method of making acetalde- 
hyde which is, in turn, oxidized to 
yield acetic acid. 

Vinyl acetate is formed when acety- 
lene is passed into acetic acid at 80°C. 
Mercuric sulphate is also the catalyst 
in this reaction. 

HC=CH + CH,COOH = 


acetylene acetic acid 


CH,COO.CH=CH, 
; vinylacetate 
Vinyl acetate is the raw material 


from which polyvinyl acetate (a plas- 
tic material) is manufactured. 

By passing acetylene through cup- 
rous chloride solution it undergoes 
polymerization. The first product of 
the reaction :— 

HC=CH + HC=CH = 


acetylene acetylene 


H,C=CH—C=CH 

vinyl acetylene 

is vinyl acetylene, which is formed 

when two molecules of acetylene com- 

bine. The vinyl acetate reacts with 

hydrogen chloride to yield chloro- 

prene. This in turn, is used in the 

manufacture of an oil-resistant syn- 
thetic rubber known as neoprene. 


ee 


| AGRICULTURAL SCIENCE | 


FERTILIZERS 


FOR several thousand years man has 

added manure and compost to the 
soil in order to grow healthy crops 
and to increase the yield. But it is 
only in recent years that our know- 
ledge of plant chemistry has been 
sufficient for us to understand what 
makes a plant grow — and, therefore, 
why manuring is beneficial to the 
plant. 

A plant consists mainly of the 
elements carbon, oxygen, hydrogen 
and nitrogen. Most of the carbon and 
oxygen is obtained from carbon diox- 
ide in the atmosphere and nearly all 
the hydrogen is obtained from water 
absorbed by the roots. Nitrogen is 
taken in through the roots mainly as 


instance, while certain minimum 
quantities must be present in the soil, 
too great a quantity may also be 
harmful so that the application of 
artificial dressings to the soil must be 
carefully balanced. 

The amount of available farmyard 
manure is only a fraction of the total 
required to maintain crop yields at 
their present level and, to maintain 
the proper level of soil organic matter, 
it must be supplemented by the use of 
fertilizers. The chemists of the nine- 
teenth century deduced that a small 
quantity of fertilizer supplies the 
amount of plant food present in a ton 
of farmyard manure. So they started 
to look for mineral salts that contain 


Granular fertilizer being distributed by a spinning disc type of spreader. 


nitrate dissolved in the soil water. 
Analysis of plant ash shows that the 
plant also contains several other ele- 
ments, namely iron, magnesium, alu- 
minium, calcium, potassium, sodium, 
silicon, phosphorus, sulphur, and 
chlorine. Not all of these appear to be 
essential for the healthy growth of a 
plant. For example the omission of 
sodium and chlorine from water cul- 
tures has no apparent harmful effect. 

Besides the elements already men- 
tioned, plants also need minute 
amounts of boron, molybdenum, man- 
ganese, zinc and copper. These are 
known as the trace elements. 

Scientists are gradually finding out 
what roles these various elements 
have in the life of the plant. For 
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the elements needed by plants. Chile 
saltpetre (sodium nitrate) had been 
used for some time, as had ammonium 
sulphate. The former occurs in vast 
deposits in Chile, and sulphate of 
ammonia was becoming available in 
larger quantities as a by-product of the 
coal gas industry which was expand- 
ing rapidly. 

However, the fertilizer industry was 
really established after John Lawes, a 
Hertfordshire landowner, discovered 
that bone dissolved in sulphuric acid 
had a beneficial effect on plant growth. 
Bone is rich in calcium phosphate and 


(A) Mitrogen encourages rapid leaf growth. 
(B) Insufficient nitrogen means poor, weak 
growth. (C) Excessive nitrogen can cause 
soft rank growth. 


at the time large quantities of this 
chemical were found in Germany. In 
1842 Lawes set up a factory for the 
production of treated calcium phos- 
phate or superphosphate as it was called. 

For many years superphosphate 
was the only fertilizer manufactured, 
but the present century has seen the 
development of a bewildering range 
of artificial plant foods. Besides these 
inorganic plant foods, organic fertili- 
zers have been developed. The appli- 
cation of these, together with the 
practice of ploughing-in green crops 
and straw, helps to maintain a suffi- 
cient level of soil organic matter. Due 
to their high cost of manufacture, or- 
ganics are almost exclusively used in 
horticulture, especially by market 
gardeners. 

Fertilizers are essential for maxi- 
mum crop production. They are not 
substitutes for farmyard manure or 
compost but should be used in 
conjunction with the latter. Most soils 
have a natural reserve of plant nutri- 
ents but adequate amounts of these 
are rarely present. Fertilizers supple- 
ment the natural supply. Nitrogen, 


The combine drill places the fertilizer close to the seed. 
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J 
(A) Phosphate is essential for root develop- 
ment and early maturity. (B) Growth is 
slow and restricted without sufficient phos- 


phate. (C) Massive phosphate dressings 
can induce early ripening. 


phosphorus and potassium are the 
most likely to be exhausted quickly 
from the soil. The modern practice 
is to apply fertilizer dressings that 
contain these three essential plant 
foods in properly balanced amounts. 
A soil so supplied, and also provided 
with humus and lime, will satisfy the 
main requirements of the crops. The 
continued application of one plant 
food only is not sufficient, and the 
yields will become lower and lower. 

Nitrogen increases the green colour 
of leaves, their size, rate of growth 
and final yields. It is the main plant 
food for leafy crops such as cereals and 
greenstuffs. Application to grassland 
in the correct quantities promotes 
lush growth and extends the grazing 
season. However, excessive applica- 
tion of fertilizers rich in nitrogen may 
cause overgrowth of the plants which 
are then particularly susceptible to 
disease. 

Fertilizers containing phosphorus, 
stimulate root development and are 
particularly effective on heavy soils. 
Phosphorus is the dominant food for 
most root crops and it encourages the 


(A) Potash encourages healthy growth and 
increases resistance to drought, disease and 
extremes of temperature. (B) With too 
little potash, leaves may be scorched and 
plants stunted and disease prone. (C) Large 
unbalanced potash dressings upset mineral 
nutrition. 
development of root nodules on peas, 
clover and other leguminous crops. 
By inducing the early ripening of a 
crop, especially cereals, it enables good 
harvests to be obtained in wet areas 
and reduces the chance of the crop 
being spoiled by the weather. Usually 
phosphate fertilizers are applied to the 
soil when the seeds are drilled. The 
latter thus have a readily available 
supply of phosphorus from the time 
that they start to germinate. 
Potassium encourages healthy plant 
growth. It plays an important part 
in the uptake and utilisation of water, 
increasing a crop’s resistance to 
drought and reducing the effect of 
extremes of temperature. It is also 
concerned with the manufacture of 
sugars and starch so that its applica- 
tion, as potash, to crops such as 
potatoes, peas, beans and tomatoes, is 
particularly — effective. Potassium- 
containing fertilizers dissolve readily 
in water, but the potash is held by the 
soil particles and leaching occurs only 
in very light, sandy soil. Light sandy 
and chalky soils are the most likely 
to be deficient as they have no natural 
potash reserve. Excessive application 
of potassium fertilizers on their own 


must be avoided, for this may accen- 
tuate such abnormalities as mag- 
nesium deficiency. 

Because the requirements of dif- 
ferent soils and the needs of different 
plants vary, a number of fertilizers of 
widely differing chemical composition 
are available. The gardener and far- 
mer must be able to see at a glance 
what each contains. A convenient 
method of expressing the plant food 
value of a fertilizer is in terms of 
Nitrogen (N), Phosphoric acid (P,O;) 
and Potash (K,O). By law, each fer- 
tilizer sold must have a guarantee of 
its plant food value expressed in 
terms of N, P,O,; and K,O. Thus 
sulphate of ammonia is sold as con- 
taining 20°89, nitrogen (ammonium, 


Fertilizers are of two main types, 
organic, that is, derived from animal 
and plant residues or waste products, 
and inorganic. Inorganic fertilizers may 


be synthetic (eg. sulphate of am- 
monia) or ‘natural’, e.g. potash, which 
is used in the same form as it is mined. 
Superphosphate, is an example of a 
fertilizer formed by chemical treat- 
ment of a naturally occurring mineral 
(phosphate rock). Some organic fertili- 
zers (e.g. Dried Blood) supply only 
nitrogen (12-15%) while others supply 
nitrogen and phosphate (e.g. Bone 
Meal—about 4%N, 22% insoluble 
P,O.). The same applies to inorganic 
fertilizers. Sulphate of Ammonia sup- 
plies nitrogen only (20-8%), and 
Nitrate of Potash supplies both nitro- 
gen and potassium. (I5%N, 10% 
K,O). ‘Rock ies Aaa? and super- 
phosphate supply phosphate only, res- 
pectively 27% — 33% P.O, and 16% — 
20% P,O,), though the former is 
insoluble and the latter soluble in 
water. Sulphate of potash supplies ° 
potassium only (48% K,O). 

Nowadays many compound fertili- 
zers are sold. These supply several 
‘single’ fertilizers thoroughly mixed 
together and blended in known quan- 
tities. The use of compound fertilizers 
avoids the separate application of 
single fertilizers, a great saving in 
time and money. 

Most fertilizers are available in a 
granular form as well as powder. The 
granular condition is essential for even 
distribution. 


1113 


TARGET 


PARTICLE 
INJECTED 
FROM 
SOURCE 


An atom consists of a central nucleus 
containing positively charged protons 
and neutral neutrons, orbited by 
negatively charged electrons. The num- 
ber of protons in the nucleus is called 
the atomic number of the atom: atoms 
of one element all have the same 
atomic number. The total number of 
protons and neutrons in the nucleus 
is the atomic weight of the atom. The 
atoms of one element may have 
different atomic weights because they 
contain different numbers of neutrons 
in the nucleus — such atoms are called 
isotopes of the element. 


ALPHA 
PARTICLE 


Alpha particles are nuclei of helium 
atoms, and consist of 2 protons and 2 
neutrons tightly bound together. 


Deuterons are nuclei of so-called 
‘heavy hydrogen’ —an isotope of hy- 
drogen —and consist of one proton 
and one neutron bound together. 


PROTON fe) 


DEUTERON 


Protons are nuclei of hydrogen. 

Alpha particles, deuterons and pro- 
tons all have a positive electrical 
charge, and can acquire high speeds in 
the electric field of an accelerator like 
the cyclotron. 


NUCLEAR PHYSICS 


( Top left) Diagram showing the construction of a cyclotron. ( Above) Engineers operating a 
cyclotron. The deuteron bombardment of a suitable target produces neutrons which are used 
in further reactions. 


ses of the Cyclotron 


HE cyclotron is one of a variety of 

‘atom smashing machines’ which 
have been constructed since the early 
1930's in an attempt to learn more and 
more about the structure of the 
atomic nucleus and its properties. 

In the cyclotron alpha particles, 
deuterons, and protons can be 
accelerated to sufficiently high speeds 
to enter the nuclei of atoms in their 
paths. 

There are three ways in which the 
cyclotron has made major contribu- 
tions to nuclear physics. In its early 
years it was used primarily as an 
‘atom smasher’. The high speed par- 
ticles entering the nuclei of atoms 
caused them to disintegrate. More 
recently it has been used both as a 
source of several important artificial 
radio-isotopes, and as a source of 
atoms of previously unknown ¢ran- 
suranic elements (elements of atomic 
number greater than g2). ; 

An example of nuclear disintegration 
occurs when the nucleus of lithium-7 
is bombarded by a proton. Disinte- 
gration of the nucleus results in 
production of two alpha _ particles 
(helium nuclei) : 


Li + |H —>jHe + 3He 
lithium-7 proton alpha alpha 
particle particle 


This was the first disintegration 
achieved by particles accelerated in 
a machine. 

Sometimes the nucleus does not 
break up at all, but forms the nucleus 
of another atom: this is known as 
transmutation. 

Te ee ee ee 
lithium-7 proton beryllium-8 
Here the proton is simply added to the 
nucleus. the atomic number of the 

nucleus changing from 3 to 4. 

Protons (hydrogen nuclei) accelera- 
ted in the cyclotron can also cause 
changes in heavy elements: 

Ni + JH 39cu =+ gn 
nickel-58 proton —> copper-58 neutron 
Here, the atomic weight of the nucleus 
remains unchanged, but the atomic 
number of the bombarded nucleus is 


increased from 28 (nickel) to 29 (cop- 
per) and a neutron released. 

The freed neutron may then be 
used to cause disintegrations in other 
nuclei. The neutron has a great ad- 
vantage over other bombarding par- 
ticles. Since it carries no electric 
charge (the neutron is neutral) it is not 
repelled as is the positively charged 
proton by the positively charged nuc- 
leus of the bombarded atom. It can 
therefore penetrate the nucleus far 


more easily than can a proton. 

Sometimes when an atom collects a 
high speed particle and becomes an 
atom of a new element, it is very un- 
stable. The new atom can exist for a 
time before it disintegrates into a 
different atom and an emitted par- 
ticle. 

Some of the atoms produced in these 
reactions are the atoms of artificial 
radioisotopes, i.e. radioactive isotopes 
which do not exist in Nature. For 
example, when iron-56 is bombarded 
with deuterons, cobalt-57, an artificial 
radioactive isotope is produced: 

Fe + 7H — Co + In 
iron-56 deuteron cobalt-57 heutron 

Since 1946 the cyclotron has figured 
in the discovery and production of 
several new elements which do not 
exist naturally. The first discovered 
of these ¢transuranic elements were 
neptunium and plutonium. 

For example, in 1945 americium 
(atomic number 95), was produced 
indirectly by bombarding uranium- 
238 atoms with high speed alpha 
particles from a cyclotron. Plutonium- 
241 was first produced: 


238 4 241 l 
7 heel RRA Vie elem pli on 


uranium-238 alpha plutonium-241 +neutron 
particle 


and the radioactive plutonium then 
decayed into americium-241, emitting 
a beta particle 
4Pu > Am + _%e 
plutonium-24| americium-24| beta 


particle 
In more recent years other new ele- 


ments have been added to the list and 
the cyclotron has continued to play a 
significant part in their production. 


PROTON 


Because atomic nuclei carry a posi- 
tive electrical charge, alpha-particles, 
deuterons or protons must travel at 
very high speeds in order to overcome 
the repulsive electrical force between 
them and the nuclei (like charges repel 
each en: 

The nuclei are placed in the path of 
the high speed particles leaving the 
cyclotron. If the nuclei of, for example, 
nickel atoms are to be bombarded, the 
target takes the form of a thin sheet of 
nickel placed in the path of the 
particles. 


Bombardment of a 
target by protons 


LITHIUM-7 


HELIUM NUCLEI 
(ALPHA PARTICLES) 


te 


When a proton collides with a lithium-7 atom, disintegration with two helium atoms 


produced, takes place. 
é : BERYLLIUM-8 


Another reaction which can take place when protons enter the lithium-7 nucleus is 


transmutation to beryllium-8. 
; NICKEL-57 EE COPPER-S7 


Protons can also change heavier nuclei, producing the: emission of neutrons. 
ombardment by deuterons _ 
as 3 PROTON 
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When a deuteron collides with a naturally occurring sodium-23 nucleus, the artificial 
radioisotope sodium-24 is formed. 
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DEUTERON 
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Cobalt-57 is another important artificial radioisotope and is normally produced, using 
cyclotron-accelerated deuterons, in this way. 


Bombardment by alpha particles 


ALPHA PARTICLE PROTON 


eae erp OXYGEN-I7 wd =@ 


The original artificial transmutation of nitrogen into oxygen achieved by Rutherford in 
1919 can be repeated using cyclotron-accelerated alpha particles. 


NEUTRON MAGNESIUM-24 SODIUM-24 


Neutrons released by.such reactions as the bombardment of nickel-58 by cyclotron 
accelerated protons can themselves produce many artificial disintegrations. 
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BIOLOGY 


AMPHIBIOUS LIFE STORIES 


ROGS, newts and salamanders all 

belong to the group of animals 
called Amphibia. They are _ cold- 
blooded and normally have a wet, 
slimy skin without obvious scales or 
covering. This limits them, in general, 
to damp places where there is little 
danger of drying out. The early 
amphibians must have evolved from 
air-breathing fishes, perhaps during 
the Devonian Period some 300 million 
years ago. Although the adults were 
able to live on land they did not 
become completely terrestrial. They 
must have had to return to the water 
to breed. The majority of living 


fertilized within the body of the 
female and before pairing, there is 
usually an elaborate courtship display 
by the male. 

Newts of the genus Triturus, found 
in Europe and America, as a rule 
exhibit the typical life history. After 
winter hibernation, the adults — the 
males in gay mating colours — enter 
the water and courtship begins. The 
male makes use of his coloration and 
his tail crest and after a while deposits 
a ‘packet’ of sperms. This is picked up 
by the female in her cloaca (the 
opening of the reproductive and 
excretory systems) and stored until 


The female smooth newt protects her eggs by folding the leaves on which they are laid. 
The young newts resemble the adult except for the gills and broad tail fin. 


amphibians, although highly speciali- 
sed in other ways, still retain a fish-like 
larval stage (tadpole) that lives in 
water. Living amphibians can be 
placed easily into one of three groups. 


Caudata (= Urodela) 


These are the newts and salaman- 
ders—the tailed amphibians. They 
are often brightly coloured and vary 
in length from a few inches to more 
than five feet. Most species however 
are less than a foot long. The eggs are 
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the eggs are ripe. The eggs are laid 
singly or in small groups. They are 
covered with a sticky fluid that 
quickly swells upon contact with 
water and serves to attach the eggs to 
leaves. The female normally covers 
the eggs by folding the leaves over. 
Tadpoles hatch in about two weeks 
and begin to feed on animal and plant 
food. At first they are limbless and 
have external feathery gills and a 
broad tail fin. As development goes 
on, legs appear and the tadpole begins 


to resemble a small adult. Lungs 
gradually develop and, in the summer, 
the gills disappear. So, too, does the 
tail fin. The newt has now metamor- 
phosed (changed) into the adult stage. 
The young adult leaves the water and 
may not return for several years — until 
it is sexually mature. Adult newts live 
in damp places, feeding on slugs, 
worms and insects. 

The tailed amphibians show many 
variations on this life history. The 
European Spotted Salamander is vivi- 
parous (i.e. it gives birth to active 
young). Pairing takes place on land 
and the eggs develop within the 
female. The tadpoles are born when 
the female enters the water. The Black 
Salamander of the Alpine regions has 
carried the process a stage further. 
The adults do not return to the water 
at all. The eggs develop, pass through 
the tadpole stage and change into 
tiny adults before leaving the mother’s 
body. The free-living larval stage is 
thus suppressed. A number of salaman- 
ders lay their eggs in damp soil, under 
stones and similar objects. The tad- 
pole stage is passed within the eggs 
and miniature adults emerge. The 
American Worm Salamander is an 
example. These last examples show 
how salamanders have become com- 
pletely terrestrial, but some species 
have gone the other way and are 
completely aquatic. 

The aquatic forms oftén retain 
larval characters, such as external 
gills, even in the adult stage. Necturus, 
the mud-puppy, retains the external 


The Red-cheeked Salamander of N. America 
lives on land. The eggs hatch directly into 
miniature adults. 


The Life History of the Common Fro 3 


Adult frogs spend the cold winter months in a state of inactivity — hidden under logs and 
stones, or buried in mud. They awaken in early spring and return to the water. As a rule, the 
males return first and, by their croaking, attract the females. Pairing takes place in the water 
without any courtship display. As the female discharges her eggs the male releases sperm over 
them and fertilization follows. The eggs are covered with jelly which quickly swells on contact 
with the water. It keeps the eggs together and protects them. 

After fertilization, each egg-cell begins to divide and, within a few days, the black sphere 
elongates and develops a head and tail. The tadpole hatches in about ten days and attaches itself 
to a plant by means of a sticky gland. The mouth is not yet fully formed and the young tadpole 
exists on the yolk material from the egg. About three days after hatching, the mouth opens and 
the tadpole then begins to feed on algae. By this time three pairs of delicate external gills have 
developed. 

During the next few weeks the tadpole grows rapidly and important changes take place both 
internally and externally. Internal gills are formed. These are respiratory openings connecting 
the mouth and the outside. A fold of skin (the operculum) covers them and opens at a single point 
(the spiracle) on the left hand side. The external gills disappear, and, apart from its large head the 
tadpole is like a fish. However, the legs soon begin to develop. The hind ones appear first because 
the front limbs are covered by the operculum. The left front limb appears vlate a the spiracle, 
followed later by the right leg which breaks through the operculum. Lungs have formed by now 
and the tadpole begins to breathe air at the surface. It feeds on animal material now, insect larvae 
for example — and the mouth enlarges. 

As the legs grow, the tail shortens and the typical frog shape becomes obvious. The frog has now 
metamorphosed or changed into the adult form. It leaves the water and lives in damp vegetation 
feeding on insects, slugs and worms. The whole process from egg to metamorphosis takes about 
es aoe but the small frog requires another three or four years to become mature and able 
to breed. 
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A diagram of the sexual organs of 
a male frog (left) and a female 
(right). Only half of each are 
shown. 


gills, and has only tiny lungs. In 
other species, the limbs are not fully 
developed. The axolotls of Mexico may 
never acquire the typical adult charac- 
ters at all: they can reach sexual 
maturity and breed without first 
metamorphosing. 
Apoda 

These animals, which have no 
common name, live only in the tropics. 
They resemble large grey earthworms, 
having no limbs, and only minute 
useless eyes. There are, however, tiny 
scales in the skin—a feature absent 
from other amphibians. Most of them 
burrow in damp soil but a few live in 


The Midwife Toad lays a string of eggs 
which are then wrapped round the legs of 
the male until they are ready to hatch. 


water. The eggs are large and are laid 
in damp soil or in water, but some 
species are viviparous. The free-living 
larval stage may be suppressed as in 
some salamanders. 
Anura 

These animals — the frogs and toads 
—are very specialised and successful 
and are found all over the world. 
There are tree-living, burrowing and 
completely aquatic species, as well 
as the more typical forms. Pairing 
normally takes place in the water and 
the eggs are usually fertilized im- 
mediately after spawning. The life 
history of most species follows, in 


The Mudpuppy retains its larval charac- 
ters throughout life. It lives in water and 
lays eggs from which young individuals 
emerge. 


general, that of the common frog. 
Those species that lay their eggs in 
damp soil, spend the larval period 
within the egg and hatch as tiny 
frogs. A few species give birth to 
active young. There are interesting 
examples of parental care among the 
toads. The Midwife Toad, found in 
Southern Europe, pairs on land. The 
eggs, laid in ‘strings’, are then wrapped 
around the legs of the male toad. For 
two or three weeks the tadpoles 
develop within the eggs, and then the 
male enters the water and sheds the 
eggs. The tadpoles quickly hatch and 
develop normally. The Surinam Toad 
of South America is completely aqua- 
tic but the tadpoles are not free- 
swimming. As the eggs are laid they 
are passed on to the back of the female 
where they sink into small hollows. 
Growth of the skin around each hollow 
forms a ‘lid’ and a young toad com- 
pletes its larval life enclosed within 
each of these pits. When they come 
out they are tiny replicas of the 
parents. A few frogs and toads con- 
struct nests for their eggs but most of 
them leave their eggs to the mercy of 
fish, ducks and many other animals. 
Only a small proportion of the eggs 
ever reach maturity. 
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| ELECTRONICS | 


SOMETIMES resistors and capaci- 

tors have their values written on 
them. Alternatively they may be 
marked with bands or dots of colour 
conforming to an international code, 
which enables electronic engineers 
anywhere in the world to identify a 
component at a glance. 

Resistors are colour-coded more 
often than capacitors. Each of the 
colours on the components corres- 
ponds to a number, and there are two 
basic ways of arranging the different 
colours — the older system, the body-tip- 
spot, and the end-to-centre band system. 

The code marking on a resistor in- 
dicates its resistance in ohms. The first 
colour — either the body on one system, 
or the end on the other — indicates the 
first figure of the resistance. The 
second colour — either the tp or the 
next band of colour — indicates the 
second figure, and the spot, or the 
third band, the number of noughts 
after these two figures. 

In most electronic circuits, extreme 
accuracy is not required. Resistors 


END BAND OR BODY 
(FIRST FIGURE) 
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SECOND BAND OR TIP 
(SECOND FIGURE) 


may be 20% ‘out’ and still be ade- 
quate. In other circuits more accurate 
components may be necessary, and 
resistors 10% ‘out’, 5°% ‘out’ or some- 
times even more accurate are needed. 


TOLERANCE 
NOUGHTS ior 
SPOT 


TOLERANCE 
SECOND 


FIGURE 


NUMBER 
OF ‘O'S 


Two ways of colour-coding resistors. 


Above: the body-tip-spot system. 
Below: the end-to-centre band system. 


The accuracy or tolerance of the 
resistor is also marked on it, as an 
extra colour spot (on the body-tip- 
spot system) or as an extra band (on 


1-10 OHMS 


SILVER - MULTIPLY BY 0-01 
0-1-1 OHMS 


NO FOURTH BAND 
OR SECOND SPOT — 


the end-to-centre band system). 

If the resistor has no fourth colour 
it is an ordinary 20% tolerance 
resistor. With a silver spot or band, 
it is a 10% tolerance resistor, and 
a gold band indicates a 5% toler- 
ance. 

20%, tolerance resistors are made 
only in certain ‘preferred’ values. 
The first two figures of the resis- 
tance (in ohms) are either 10, 15, 
22, 33, 47, or 68. There is no point 
in making a 20% tolerance resistor of, 
say, 60 ohms when the nominal 68 
ohms resistor, because of its 20%, 
tolerance, may be anything from 54° 4 
to 81:6 ohms. These six different 
values for the first two figures cover 
the whole range of possible values for 
resistors. More preferred values are 
needed to cover the range of 10% 
and 5% tolerance resistors. 

When an electric current is passed 
through a resistor, it inevitably heats 
it, and the heating may alter the 
resistance. High stability resistors 
are unaffected by changes in tem- 


THIRD BAND OR FIRST SPOT §FOURTH BAND OR SECOND SPO FIFTH BAND 
(NUMBER OF NOUGHTS) (TOLERANCE) (STABILITY) 
ce ed 1% HIGH-STABILITY RESISTOR 
a ° 
100 = 1,000 OHMS — 2% 
Rak a Each colour stands for a 
Z number. For instance, 
3% black always stands for 
R209 Se 0, brown for | and red 
3 for 2. The colour codes 
for the first two bands 
4% : 
10,000 — 100,000 OHMS ° are the same. The third 
(which denotes the 
4 59 number of noughts 
sce. accomehad’ Sibi sri ° after the first two 
figures) is slightly dif- 
ferent. Gold or silver 
bands show that the 
aE OTe resistor is less than 10 


ohms. A gold or silver 
fourth band denotes a 
5% or 10% tolerance 
resistor. 


perature and this special property is 
marked on them as an additional, 
salmon pink band. 

It is more usual for the value of 
a capacitor, and its tolerance, to be 
written on it. Capacitors can, however, 


BLACK= 0 


BLACK=0 


Above: 10 ohms on the body-tip-spot 
system. Below: 22 ohms on the end-to- 
centre band system. Both these have 
no fourth colour, and are therefore 
20% tolerance resistors. 


10 OHMS 
12 OHMS 


100 OHMS : Ff ae 
be colour coded, the colours marking 
them corresponding to the same fi- 
gures as in the resistor colour code. The 
markings show the capacitance in pico- 

farads. In a capacitance of one farad, a 
charge of one goulomb (one coulomb is 


Above: 3,900 ohms. The silver dot 
shows that it, has a tolerance of 10%. 
Below: 680 ohms, 5% tolerance. 


a. 


PN 
rie 


10,000 OHMS 


100,000 OHMS 


15 OHMS 
18 OHMS 150 OHMS 1,500 OHMS 
220 OHMS ee OHMS 
27 OHMS 
Bisa Resistor Tolerances 
330 OHMS 3,300 OHMS and Preferred Values 
= 39 OHMS : 
Often resistors need not be very accurate. 
; For instance a 10 ohm resistor (brown 
- rex ! a band, black band, black band) may have an 
satay 4 y a4 [=~ actual value of anything from 8 ohms to 
aN ES 4.700 OHMS 12 ohms. It may be 20% less than 10 or 
20% more than 10, and is said to have a 
tolerance of 20%. The first two figures on 
pees 20% tolerance resistors are invariably 10, 
15, 22, 33, 47 or 68. With only six different 
combinations of the first two figures, all 
the range of possible values is covered. 
The fact that there is no fourth colour 
i band indicates that the resistor has a 
68 OHMS tolerance of 20%. 
6,800 OHMS és 
82 OHMS 


the amount of charge involved when a 
current of one ampere flows for one 
second) stored on the plates of the 
capacitor raises the voltage difference 
of its plates by one volt. A pico-farad is 
one million-millionth of a farad. 


ae 


Three orange bands indicate a 33,000 
ohm resistor. On the other system, all 
the parts of the resistor are the same 
colour. 
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OPTICS 


F the Earth had no atmosphere, the 

sky would appear completely black 
except in the direction of the Sun. 
But the Earth has an atmosphere, 
which redirects or scatters sunlight so 
that light appears to come, not just 
from the Sun’s bright disc, but from all 
parts of the sky. On a cloudless day, 
the sky is blue. 

Practically all the light reaching 
the Earth comes from the Sun. It is 
a mixture of light of all the different 
colours of the spectrum — red, orange, 
yellow, green, blue, indigo and violet. 
The mixture appears white. 

Most of the atmosphere is fairly 
transparent to visible light, and lets 
sunlight carry on to strike the Earth. 
If the atmosphere were completely 
transparent, we should not see it at all 
(i.e. the sky would appear black). 
Only when light is scattered can it be 
seen. 

In the same way, a shaft of sunlight 
passing into a darkened room is made 


This is how the Sun would appear if the 
Earth had no light-scattering atmosphere. 
All the light rays come direct from: the Sun. 


The Colour 


visible by dust particles in the air. 
A small proportion of the sunlight 
hits the dust particles, and ‘bounces’ 
off them in all directions. The tiny 
particles reflect some of the light 
directly into the eyes of the observer, 
and light scattered like this from all 
parts of the light beam defines its 
shape. If the room were dust-free, 
the observer would be unable to detect 
the beam. 

Molecules of air can also scatter 
light, but, since they are very much 


The upper observer sees the mid-day sky. His eyes receive both direct, white light from 
the Sun and blue light scattered by the atmosphere. At the same time the lower observer 
sees the sunrise. Sunlight reaching his eyes has had to travel a much longer distance through 
the light-scattering layers. Both blue and green light are scattered, so the direct sunlight 


appears reddish. 


LOW OR WHITE. 

JNLIGHT “en 

ee pea 
eae) 


“J 
I 
I 

f 


RED 
SUNLIGHT 


H 
! 
! 
I 
! 
l 


SO MUCH LIGHT 
IS SCATTERED 
THAT THE SKY 
MAY APPEAR 
PEACOCK-BLU 


THIS DIAGRAM IS NOT DRAWN TO SCALE, 
THE 


AS THE LAYER RESPONSIBL 


FOR 


LIGHT-SCATTERING IS ONL ~ MILE 
ABOVE THE EARTH’S SURFACE. 4 


Some of the Sun’s blue light is scattered by 
the atmosphere. Blue light comes from the 
atmosphere, and gives its blue colour. 


of the Sky 


smaller than dust particles, and less 
likely to affect a beam of light, the 
scattering must take place on a very 
large scale to be visible at all. 

This happens in the atmosphere. A 
small amount of sunlight is scattered 
by gas molecules and there are such 
an enormous number of them in the 
atmosphere that the scattered light is 
easily observable. 

The sky is blue because light at the 
blue end of the spectrum is scattered 
more easily than light at the red end. 
Molecules are more selective than 
dust particles in the way they scatter 
light. Dust particles tend to scatter all 
colours indiscriminately so that the 
scattered light is white. Scattering by 
molecules is dependent on the colour 
of the light. Lord Rayleigh (1842- 
1919) developed a theory of scattering, 
and worked out that blue light should 
be scattered about ten times more 
readily than red light. 

The scattering by the atmosphere 
also explains why the Sun’s disc be- 
comes red at sunset. Sunlight is 
striking the Earth at an angle, and it 
has to travel through an extra long 
distance through the denser parts of 
the atmosphere. More blue light than 
red light is scattered out of the direct 
sunlight by the atmosphere. The white 
light loses some of its blue light, so it 
appears, on balance, red. 

After sunset, light cannot come 
directly from the sun. Twilight is light 
scattered by the atmosphere on to the 
dark side of the Earth. Spacemen 
orbitting the Earth have measured 
the extent of the twilight zone, and it 
is possible to deduce from their obser- 
vations that the layer of the Earth’s 
atmosphere mainly responsible for the 
scattering is about 16 miles above its 
surface. 


MEDICINE 


The Stethoscope 


HEN conducting a medical ex- 
amination a doctor frequently 
taps the chest and back with his 
fingers and listens to the sound. Even 
more often he uses his stethoscope, one of 
the first instruments that the medical 
student must acquire. This sort of 
examination may seem very simple 
and superficial but the trained ear can 
learn a great deal by listening to the 
sounds of the body organs. 

The first person known to have used 
the method of tapping the chest (per- 
cussion method) was an Austrian called 
Leopold Auenbrugger. As a boy, he 
had often seen his father (an inn- 
keeper) tapping barrels to find out 
how full they were and, later, in the 
middle of the 18th Century, he applied 
this method to the detection of chest 
diseases. 

The lungs lie in a cavity surrounded 
by the ribs and the diaphragm. When 
breathing in, the diaphragm is lowered 
and the rib-cage expanded. Air then 
flows into the lungs to take up the 
extra space. A number of chest diseases 
cause the accumulation of fluid in the 
lungs or in the surrounding cavity. 
Tapping a healthy chest produces a 
clear hollow sound but a fluid-filled 
cavity produces a dull thud. Percus- 
sion is thus a very quick way of 
detecting some chest disorders. 

The stethoscope is a very simple 
instrument but of great value to the 
doctor. It is merely a device for 
picking up sounds and vibrations (e.g. 
heart-beat) made by the body organs, 


LEOPOLD AUENBRUGGER 


and conveying these sounds to the ear. 
The modern instrument consists of a 
small funnel or a hollow drum at- 
tached to a forked rubber tube. 
Attached to the other ends of the fork 
are two ear-pieces through which the 
doctor listens, when the cup is put on 
the surface of the body. 

For many centuries ‘medical’ men 
had listened to the heart beating by 
direct application of the ear to the 
chest but this was unsatisfactory and 
certainly unhygienic. Réné Laénnec is 
credited with inventing the stetho- 
scope in 1816. The story is that the 
stoutness of his patient made it impos- 
sible for him to listen to the heart, and 
so, remembering some children play- 
ing with a hollow log, he rolled up 
some paper and used it as an ear- 
trumpet. He was able to hear the 
heart more clearly than ever before. 
In 1819 Laennec published a book in 
which he described a wooden stetho- 
scope he had constructed. The early 
stethoscopes were of this simple design 
but soon the two-ear-piece models 
were developed. It is ironic that 
Laénnec should have died of tuber- 
culosis — one of the diseases that the 
stethoscope has done much to detect. 

The stethoscope was first used in 
studying the heart and lungs, and this 
is still its commonest use. It is, how- 
ever, frequently used for detecting the 
pulse in the arm, and also for investi- 
gating abnormalities in the alimentary 
canal. 


Réné Laénnec and his drawings of his 
wooden stethoscope. It is in two 
parts and is 12” long when screwed 
together. The small funnel is de- 
tachable. 


A MODERN BINAURAL 
STETHOSCOPE 
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INDUSTRIAL CHEMISTRY 


The Blast Furnace & 


RIMITIVE man found that by 
lighting wood fires on top of 
lumps of iron ore he could extract the 
metal, iron. This worked best when 
gusts of high wind blew through the 
fire fanning it into great heat. The 
ore contained iron oxides from which 
the carbon in the firewood robbed 
oxygen, and spongy iron was left 
behind. 

The blast furnaces of today work 
on similar principles. They are so 
named because instead of being fanned 
by a high wind, blasts of hot air are 
blown through them. 

When iron is exposed to the oxygen 
of the air and to water, it falls away to 
rust. The iron, in fact, reverts back to 
the oxide from which it was extracted. 
Many iron ores are brick red and 
resemble rust in appearance. Others 
are yellow or purple. They may be 
powdery or rock hard. The most com- 
mon ore is haematite which contains 
ferric oxide (Fe,O,). A high grade ore 
contains about 65°% iron. Russia is the 
largest producer, making 116 million 
tons annually, while France and 
Luxemburg together make 73 million 
tons. Sometimes the ore is mined deep 
within the ground and in other places 
it is simply scooped from the surface 
with huge mechanical shovels. 

But whatever the source of the ore, 
it undergoes a routine analysis and is 
then stored in batches according to 
grade. It is most important to know 
the iron content (so that the final 
amount of iron can be calculated) and 
also the type and quantity of the 
impurities. (Some impurities may be 
removed by pre-roasting. ) 


Sectional diagram of Blast 
Furnace 


IRON COKE LIMESTONE 
ORE 


Whereas primitive man used char- 
coal as the reducing agent for the ore, 
coke is the form of carbon used in the 
blast furnace. It is made by strongly 
heating a special grade of coking coal. 
Three tons of coal are needed to pro- 
duce two tons of coke. The special 
qualities of coking coal are that it 
leaves very little ash and the coke 
made from it is strong and does not 
collapse under the great weight of the 
other substances in the furnace. 

Limestone is the third substance used 
in the production of iron. It combines 
with the unwanted earthy part of the 
ore to form a glass-like substance, 
slag, which can easily be run off from 
the furnace. 

A modern blast furnace is a huge 
hundred foot high steel cylinder lined 
with brick and shaped rather like the 
chimney of an old oil lamp. 

The output from a modern furnace 
can be 1500 tons or more of iron 
every 24 hours. The process is a con- 
tinuous one and the furnaces run day 
and night non-stop for a period of 5 
years, after which time they are dis- 
mantled to be given new refractory 
linings of firebricks. 

At ground level near the furnace 


4 THE STOVE 


PART OF THIS 


General view of an ironworks showing two 
blast furnaces, and in the foreground, the 


hot air stove. 


are hoppers in which the furnace 
charge of coke, limestone, iron ore and 
sinter is stored. The three hoppers 
deliver their contents down a single 
chute, first a certain quantity of coke, 
then iron ore and then limestone. A 
conveyor belt carries the charge to the 
top of the furnace. There it is relatively 
cool (200°C), but the heat increases 
further down. At the bottom the tem- 
perature is around 1,700°C. Hot air 
between 500°C and 1,000°C is blown 
in here. In some instances the output 
of a furnace may be increased by 
blowing in oil with the air. The daily 
consumption of a modern blast fur- 
nace producing 1,500 tons of iron a day 


Slag which contains the impurities and 
floats on top of the molten iron being drawn 
off into a large slag ladle. 


would be about 2,500 tons of ore, 
1,000 tons of coke, 250 tons of lime- 
stone and about 4,000 tons of air. 

The preheated air rushes in through 
openings known as tuyeres situated 
around the bottom of the furnace. 
The hot air burns the coke forming 
carbon dioxide gas. 


Cc + O, = CO, + heat 
carbon oxygen carbon 
dioxide 


This is an exothermic chemical reaction. 
Great heat is given out by the burning 
and as a result the temperature rises. 
At this high temperature carbon diox- 
ide is immediately reduced by more 
coke to carbon monoxide gas. 


CO; FS CMs 2CO 
carbon carbon carbon 
dioxide monoxide 


Molecules of carbon monoxide can 
take up further atoms of oxygen to 
once more become carbon dioxide and 
do this by robbing the iron ore of its 
oxygen so that the oxide is reduced to 
metallic iron. This is actually brought 
about by a complicated series of 
chemical reactions, but the total result 
can be represented by one equation :— 


Fe,0, + 3CO = 2Fe + 3C0, 
ferric carbon iron carbon 
oxide monoxide dioxide 


The iron formed in this inferno is 
molten and trickles down to the 
bottom of the furnace where a pool of 
it collects. Situated around this part 
of the furnace are clay stoppered tap 
holes which in a modern furnace are 
opened once every 4 or 5 hours to 


(Left) An oxygen lance being used to open a 
tap hole in a blast furnace. 


and broken up for road making, some 
foamed to make a type of brick and 
some employed in cement making. 

The blast furnace gas roars out 
through pipes leading from the top 
of the furnace. It is ‘washed’ to 
extract any iron-bearing dust, so that 
the gas can be used to heat boilers 
and other furnaces. Because it con- 
tains carbon monoxide, this gas is a 
reasonable fuel and some of it is 
burned to heat up the incoming air in 
the four auxiliary stoves. These are 


Every four or five hours molten iron is drawn off. The hot metal flows through these channels 
into the giant ladles. 


let some 300-400 tons of molten iron 
gurgle out into giant ladles. 

This iron contains from 3-44% of 
carbon taken from the coke. Most of 
the earthy impuritics in the ore have 
been taken up by the limestone. The 
molten limestone combines with them 
to form slag which also trickles down 
towards the bottom of the furnace. 
As molten slag is not as dense as 
molten iron it floats on top of it and 
like the iron is drawn off from time to 
time, from another tap hole higher up 
the furnace than the one through 
which the iron flows. The slag used to 
be wasted but now some is solidified 


tall towers designed to retain their 
heat. As they become hot cnough the 
towers are used in turn to supply hot 
air to the furnace. 

The blast furnace makes molten 
iron, not steel. Steel has a lower carbon 
content and other substances are 
added to give it special qualities. In 
the olden days molten iron was poured 
into hollows in a sand pit and allowed 
to solidify. Because the shapes of these 
solid slabs resemble pigs, the iron was 
known as fig iron and this name still 
persists. But most molten iron from 
the furnace goes on to another part of 
the works to be made into steel. 
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NUCLEAR PHYSICS 


The Uses of 


Radioactive Isotopes 


AGEIGER counter may start click- 
ing when it is brought near one 


sample ofan element. But with another 


identical-looking sample of the same 
element, there may be no reaction. 
One is radioactive and the other is not. 
In other respects, the two are almost 
identical, having exactly the same 
chemical properties. 

Radioactive isotopes (radioisotopes) 
may emit three kinds of radiation — 
alpha (x), beta (8), or gamma (y) 
rays. All these can be detected either 
by a Geiger counter, or by their 
property of blackening a photographic 
film. Sometimes radioisotopes occur 
naturally, or they can be manufac- 
tured artificially in a nuclear reactor 
or in a cyclotron. The production and 
uses of radioisotopes are now very 
important. 


Tracer Techniques 


Even a minute amount of radioiso- 
topes can be easily detected. In the 
tracer technique, a very small quantity 
of the radioisotope is mixed with a 
larger quantity of a stable isotope of 
the same element. The behaviour of 
the mixture is studied by following 
what happens to the tiny radioactive 
part. 

This can be used in agricultural 
research to study the way plants 
absorb minerals from the soil. Phos- 
phorus is one of the elements essential 
to plant growth, and, to examine the 
way the plant uses it, some radioactive 
phosphorus-32 isotope is introduced 
into the phosphate fertilizer during 
manufacture. The fertilizer has thus a 
very minute trace of the natural 
phosphorus-31 atoms (the normal 
phosphorus atoms in phosphate) re- 
placed by radioactive phosphorus-32 
atoms. All the isotopes of an element 
behave in an identical way in a 
chemical process, so the fertilizer 
behaves in the same way as it would if 
phosphorus-32 atoms were not present. 

When the fertilizer is applied to the 
soil, the roots of the plant absorb some 


of it, and within a day or two its 
presence can be detected in the leaves 
of the plant by a Geiger counter, 
because of beta particles emitted by 
the phosphorus-32 tracer atoms. In 
this way the progress of the phosphorus 
can be followed throughout the plant. 

Since photographic film is sensitive 
to radioactivity, the path of the isotope 
can be traced by placing some photo- 
graphic film against the plant leaf. 
A picture is obtained of the distribu- 
tion of the fertilizer in the leaf in great 
detail. Such a picture is called an 
autoradiograph. 

In experiments like this, the radio- 
isotope added to the chemical com- 
pound must be an isotope of an 
element which forms part of the 
chemical compound to be traced. 
Otherwise the experimenter only fol- 
lows the movement of a ‘foreign’ 
element in the chemical process — that 
is, one which does not behave in the 
same way chemically as the element or 
compound he wishes to trace. 

In other types of experiment 
‘foreign’ tracers are used. Japanese 
scientists, while testing the movement 
of sand on the seabed of Tomakoma 
harbour, coated sand grains with a 
thin surface layer of the radioisotope 
zinc-65 (the most common zinc iso- 
tope found naturally is the stable 
zinc-64). Apart from the coating, the 
grains of sand were indistinguishable 
from the normal sand lying on the 
seabed. When allowed to settle on the 
seabed after they had been labelled, 
these grains behaved in the same way 
physically as did the others. 

The movement of labelled sand on 
the seabed can be detected by lowering 
Geiger counters from a boat to the 
seabed in various places, or by drag- 
ging the detector along the seabed 
using a heavy frame to keep it on the 
bottom. 

The formation and movement of 
sandbanks and sand can be mapped 
out in this way in considerable detail. 
Nowadays this type of work is being 


Photographic film placed against the leaf 
of a plant which has absorbed the radio- 
isolope phosphorus-32. Radiations from 
the radioisotope have blackened the film. 


carried out all over the world, con- 
tributing a great deal to our know- 
ledge and understanding of the 
movement of sand on river and sea 
beds. 

The circulation of blood in the 
human body can be followed in a 
similar way. A very small amount of 
salt (sodium chloride) solution can 
be injected into the bloodstream with- 
out disturbing the functioning of the 
human body. By using sodium chlor- 
ide containing sodium-24 atoms in- 
stead of the common stable sodium-23 
atoms, the solution acts as a tracer, 


The possible dangers of using fairly high 
levels of radioactivity to kill tumours in the 
human body can be reduced by moving the 
source of radioactivity so that other areas of 
the body receive only low levels of radio- 
activity while the tumour receives a large 
dose. Here a patient is undergoing radwo- 
therapy by gamma rays from a rotating 
cobalt-60 source, which is always directed 
at the tumour. 


Spraying insecticides containing radioiso- 


topes. The radioactive isotopes can be 
traced, showing where the insecticide is 
deposited and how quickly it ts absorbed. 


and the gamma rays emitted by the 
sodium-24 atoms can be detected by a 
gamma-ray detector and the circula- 
tion of the blood followed through the 
body. 

The salt solution may be injected 
into the tissues of the sole of the foot. 
In a healthy adult person this would 
take up to about one minute to reach 
the groin, but much longer if there is 


A leak in a pipe can be traced by filling it 


with a solution containing a radwoisotope. 


any complication in the circulatory 
system of the leg, such as in thrombosis 
(the occurrence of blood clots in the 
veins of the leg). 

Although the tracer techniques rep- 
resent the most important uses of 
radioisotopes, they are very useful in 
many other ways. 

Radio-Therapy 


One quite well known use is that 


If electrical charges build up on 
electrically non-conductive material 
such as the threads on a loom, dust is 
attracted (as it is to a gramophone 
record which is rubbed with an 
ordinary cloth), and the material 
becomes blackened. A_ radioactive 
source emits alpha or beta particles 
which bombard the air molecules and 
cause them to split up into electrons 
and positive ions. The ions and elec- 
trons then move in such a way to 
eliminate the charge on the threads. 
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4. The operator is checking a pipe 
| for corrosion. From the amount 
of radiation scattered back into 
his instrument, he can gauge the 
thickness of the wall of the pipe, 
P and hence detect any corrosion. 


A radioactive piston ring being fitted into an experimental engine. Long tongs are being used 
to reduce the radioactive ‘dose’ received by the worker. 


of ‘killing’, and rendering harmless, 
tumours in the human body which 
cannot be safely removed surgically, 
or which are so diffuse that surgery is 
impractical. This technique (radio- 
therapy) has been used for many years. 
In the past, X-rays or naturally radio- 
active radium have been used for this 
purpose, but these have been success- 
fully replaced in some applications by 
artificial radioisotopes. 

In treating deep-seated tumours, 
X-rays and radium have shown un- 
fortunate side-effects such as damage 
to the skin due to the presence of low 
energy X-rays and gamma rays in the 
radiations. This can be prevented to 
a large degree by irradiating the 
tumour from a number of directions, 
thus the radiations pass through 
several parts of the skin and not one. 
Cobalt-60 emits only high energy 
gamma rays which are not absorbed 
by the skin, but reach the tumour in 
the body and are absorbed there. 
Static Eliminators 

If damage to healthy tissues is to be 
avoided or kept to a minimum, the 
position of the tumour has to be 
located accurately. A more ideal 
method of treatment would be to ad- 
minister radioactive substance that is 
absorbed specifically by cancer cells 
and not by healthy cells. No such sub- 
stance has been found so far, but some 
tissues in the body absorb certain 
chemical substances to a much greater 
extent than other tissues. The thyroid 
gland, for example, absorbs a large 
percentage of the body’s iodine intake. 
Tumours of the thyroid may be treated 
by the administration of radio-iodine 
(iodine-131) which is absorbed by the 
thyroid in exactly the same way as 
non-radioactive iodine. Also, tumour 
cells which break away from the thy- 
roid and travel in the bloodstream to 
these parts retain this specificity for 
iodine and are also killed. 

Other applications employ alpha 


and beta particles emitted by radio- 
isotopes. One of these occurs in the 
use of static eliminators, which are 
used in the production of nylon and 
other man-made textiles. In the pro- 
duction processes these materials often 
build up electrostatic charges (or 
static, as it is called). These cause the 
materials to adhere to metal surfaces, 
dust to stick to the material, and may 
even cause electric sparking, which 
can be damaging to the material and 
even dangerous in the presence of 
inflammable vapours. 

To overcome this build-up of static, 
sources emitting alpha and beta par- 
ticles can be used. The radiations pass 
through the air surrounding the region 
of static charge, and, when colliding 
with the air molecules, produce ions 
and electrons. These are attracted to 
the charges on the surfaces of the 
matcrials where they neutralize the 
static. A number of different radio- 
isotopes c.g. polonium-210, thallium 
204, and strontium-go) are used for the 
removal of static in industrial pro- 
cesses. 

Health Hazards 

Radioisotopes may be very danger- 
ous to human beings. In handling 
them, workers are not allowed to 
receive more than a certain level of 
radioactivity. Their bodies are fre- 
quently monitored by detectors of 
various types, protective clothing is 
worn, and only very weak radio- 
isotopes are handled directly. 

Radioactive sources of high con- 
centrations are handled with tongs 
up to 7 or 8 feet long, which reduces 
the dose received by the worker’s 
body by a factor of about 50. 

For handling even more powerful 
radioactive sources, remote control 
manipulators are used. The worker is 
screened from the seurce by lead walls 
which reduce the level of radioactivity 
reaching the worker to a harmless 
level. 
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F a stick of white black-board chalk 
(calcium sulphate) is dipped into 
an ink-well, the ink rises up the stick 
as a result of capillary action. But the 
more striking result is that instead of 
the chalk’s being uniformly coloured 
by the ink, several distinct bands of 
colour are to be seen along the length 
of the chalk. A similar effect is to be 
observed on a sheet of used blotting 
paper. Close examination of the larger 
ink blots reveals that the edges of 
some of the blots are of a different 
colour from their centres. 

Many inks contain more than one 
dye: in some instances several dyes of 
different colour have been mixed to 
produce the required shade, while 
other dyes are obtained as mixtures of 
several coloured compounds, and no 
advantage is to be gained by separat- 
ing them even if this were practicable. 
It is to be expected that such groups 
of compounds, some of which are 
rather similar in composition, have 
their own characteristic properties. 
Some have different rates of adsorption 
on to the surface of the particles of 
blotting paper or chalk. Thus the 
materials which are not readily adsor- 
bed travel a greater distance along the 
chalk, or from the centre of the blot 


(Below) Apparatus in which 
Sractions separated by column 
chromatography may be col- 
lected. 


(Right) For his experiments 
Tsvett used chromatographic 
columns like this one packed 
with lime or alumina. 


before their motion is stopped. 

Such methods of separating similar 
substances from a complex mixture are 
examples of chromatography. One of 
these techniques was used as long ago 
as the early years of the present 
century by the Russian botanist, Mik- 
hail Semenovich Tsvett. Using petro- 
leum as his solvent, he obtained a 
greenish-yellow solution of plant pig- 
ments, and set about separating the 
solution into its constituents by allow- 
ing it to trickle down a vertical 
column packed with powdered cal- 
cium carbonate. 

As the solution percolated through 
the column, the coloration gradually 
extended downwards, the different 
coloured bands migrating at different 
speeds. The degree of separation was 
improved by washing the column with 
pure solvent and eventually distinct 
yellow and green bands corresponding 
to the different pigments appeared. 
Tsvett then allowed the solvent to 
drain from the column, pushed out the 
cylinder of calcium carbonate and cut 
it into portions according to the 
position of the coloured bands. He 
was then able to recover individual 
pigments from the various slices. 

However, it was not until the 1930’s 
that much use was made of chromato- 
raphic techniques, and it is within 
the past twenty years that paper 
chromatography, based on the ink 
blot observations descrrbed above, has 
taken its place alongside the column 
method developed by Tsvett. 

In paper chromatography a drop of 
the solution to be analysed is placed 
near one end of a strip of adsorbent 
paper (e.g. filter paper). The edge 
of the paper is then dipped into a 
bath of suitable solvent. As the liquid 
rises up into the paper as a conse- 
quence of capillary action, the various 
components present in the mixture 
move along behind the advancing 


liquid. The speeds of migration de- 


‘pend on the chemical composition of 
the components. If further separation 
is required, the paper can be turned 
through a right angle so that each spot 
on the paper strip is spread out into a 


A paper chromatogram, such as that of 
a mixture of synthetic dyes (shown 
above) may be obtained using the 
‘ascending development’ apparatus 
depicted below. 


band. The pieces of paper bearing the 
various compounds can then be cut 
out and subjected to analysis. 

Chromatographic techniques have 
been used for separating pigments, 
proteins, organic acids, sugars and 
also some of the rare earth elements 
into their constituents. One great ad- 
vantage of these techniques, and par- 
ticularly of paper chromatography, is 
that a separation can be performed on 
a very small sample. 
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BIOLOGY 


Living Light Producers 


HE centres of most large cities 
present a bewildering mass of 
brightly coloured, flashing lights: but 
the spectacular firework displays of 
nature’s living light-producers are 
more startling and more eerie than any 
made by man. At night the sea surface 
glistens, the hedgerows and _ forests 
sparkle and at all times in the depths 
of the sea, darting patterns of light, 
like numerous shining jewels, can be 
seen. 

The range of organisms that are able 
to produce light is astounding. Among 
plants only the lower ones, such as 
some fungi and bacteria, have this 
ability, but nearly all the main groups 
of animals contain light-producers - 
protozoans, sponges, corals, jellyfish, 
hydroids, comb-jellies, worms, clams, 


During World War II the Japanese used 
dried preparations of a marine crustacean, 
Cypridina. A dim glow, sufficient to read 
maps and compasses, was produced by 
adding water to the dried material. 
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snails, squids, shrimps, prawns, centi- 
pedes, millipedes, insects and fishes 
provide examples. Perhaps the most 
familiar are the fireflies and glow- 
worms. 

Man has learned to use the light- 
producing ability of other organisms 
in several ways. For example, during 
World War II the Japanese used dried 
preparations of a marine crustacean, 
Cypridina. On adding water to the dried 
material a dim glow was produced — 
sufficient light for maps and compasses 
to be read without giving away their 
position. Biochemists are able to 
measure the intensity of the light pro- 
duced by certain organisms. This is a 
measure of the rate at which the 
chemical reactions involved proceed. 
But in what ways do the organisms 
benefit from their light-emitting 
ability, and what do we know of the 
chemistry of light production ? 

The significance that light emission 
has in the lives of many organisms 1s 
not understood. Toadstools, such as 
Mycena and ‘Jack-o-lantern’ (Clitocybe) , 
and many moulds and bacteria are 
luminous, but what possible function 
can this have in a plant? ‘Jack-o- 
lantern’ is poisonous, as are many 
brightly-coloured non-luminous fungi. 
Possibly the luminescence has a pro- 
tective value therefore, but many 
luminous plants are harmless. 

Several species of protozoan are 
brightly luminous. They are so numer- 
ous that, when disturbed, they light up 
the surface of the sea. Examples are 
Peridinium, Noctiluca and Gonyaulax. 
Noctiluca often occurs near the shore in 
the surface of the sea. At night, as the 
breakers crash on to the beach, they 
appear to burst into flame. In a 
similar way the wake of a boat may be 
marked out as a ribbon of sparkling 
light. 

Many kinds of coelenterates are 
luminous, and the related comb-jellies 
(Ctenophores), for example Pleuro- 
brachia, are probably responsible for 
the brightest displays in British coastal 
waters. The medusa, Pelagia, is well- 
known for its light-producing faculty. 
The entire outer surface of the bell 


becomes luminous on being disturbed, 
and a mass of luminous slime is pro- 
duced when it is handled roughly. 

Several bristle worms are luminous. 
One species, Odontosyllis, swarms prior 
to spawning. Males and females are 
attracted to each other by the ex- 
change of light signals. They begin to 
swarm at the surface between two and 
three days after a full moon. The 
males are attracted to the surface by 
the strong and continuous greenish 
glow produced along the entire length 
of the female worms. The males emit 
short flashes of light. Sperms and eggs 
are discharged into the water amidst 
this illuminated confusion. 

The bristleworm, Tomopteris, has 
definite light-producing organs, 
(photophores), one on each side of its 
leaf-like swimming paddles. In basic 
structure they are similar to the more 
elaborate photophores of higher ani- 
mals. 

Many shrimps and prawns have 
lantern-like photophores. A few can 
also release clouds of luminous slime 
from special glands. This lighted 
‘smoke-screen’ no doubt baffles pur- 
suers in much the same way as the 
wriggling cast-off tail of a lizard. The 
photophores of shrimps and prawns 
occur on some of the legs and on parts 
of the body. Perhaps the pattern they 
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make serves for recognition purposes. 

Photophores are best developed in 
the squids and their relatives, and in 
fishes. In squids they are mostly pre- 
sent on the under surface of the body, 
but also on the arms. 

Each photophore consists of a num- 
ber of light-producing cells, a reflector, 
a lens, and an on-off ‘switch’. The 
light emitted is of varying colour. It is 
possible that the differing arrange- 
ments of the photophores distinguish 
between the sexes or indicate the 
stage of maturity that the squids have 
reached. 

Heteroteuthis, a small deep-water 
squid living in the Mediterranean, 
instead of shooting out a cloud of ink, 
as do most other squids when escaping 
from enemies, produces a luminous 
cloud round itself. 

Most of the luminous fishes live in 
moderately deep water, a few in the 
abyss. The photophores are usually 
arranged in rows. A deep sea angler 
fish has on top of its head a long lure, 
the luminous tip of which hangs just 
above its mouth. Prey are attracted by 
the light and so fall victim to the fish. 
Certain East Indian fishes have special 
organs beneath the eye. They are 
pockets containing bacteria. Bacteria 
and other light-producing plants re- 
lease their light continuously, but the 


(extreme left) luminous adult male firefly. 
(centre) Mycena, a luminous toadstool and 
(right) a click beetle that has photo- 
phores. (below) several marine animals 
that are luminous. 1. Viper fish. 2. Deep-sea 
angler fish. 3. Jellyfish. 4. Several dinoflag- 
ellates. 5. Thaumatolampus ~ a deep sea 
squid. 6. Odontosyllis — a marine worm. 


fishes have a shutter mechanism 
whereby they can either conceal the 
light or display it. 

Famous luminous insects are the 
glow-worms and _ fireflies. In New 
Zealand the larvae of a certain fly live 
on the ceilings of caves. Each glows 
and spins a web of luminous silk with 
which to trap food. The ceilings glow 
as though covered in thousands of tiny 
hanging chandeliers. The glow-worm 
of Europe is a wingless female beetle 
(not a worm!) that lives in grass and in 
hedgerows. Pale green light emitted 
by photophores on the lower hind 
part of the abdomen attracts males 


flying nearby. 

Pairing in fireflies depends on the 
exchange of light signals. The pattern 
of the signals differs from one species 
to another. In one species the male 
emits short flashes at regular intervals. 
After a pause of about two seconds the 
female replies with a short flash. The 
male then flashes again, followed after 
the pause by a response from the fe- 
male. There are several such ex- 
changes of signals prior to pairing. 

The light produced by living or- 
ganisms is often referred to as cold light, 
for very little heat is evolved during its 
production. Measurements indicate 
that nearly one hundred per cent of 
the energy produced is released as 
light (an ordinary electric light bulb 
is only about 10% efficient!). 

The chemical reaction involved is a 
modification or sidebranch of the 
reactions that proceed in every living 
cell. It is essentially the same in all 
cases so far investigated and, like other 
‘living’ reactions, it is promoted by an 
enzyme. This enzyme is called lucifer- 
ase. In the presence of oxygen and an 
organic compound rich in phosphate 
(adenosine triphosphate or .A.T.P.), 
luciferase promotes the oxidation of 
luciferin. This causes the production of 
light. For each molecule of luciferin 
that is oxidized, one packet or quantum 
of light energy is released. The chemi- 
cal structure of luciferin has been 
established and it has been syn- 
thesized. The luciferase molecule is 
thought to be a protein chain made 
up of about one thousand amino 
acid molecules. 


The wake of a fishing vessel is visible as a ribbon of light produced by millions of tiny 


luminous protozoans. 


APPLIED SCIENCE 


CAN NING 


BEFORE the beginning of the nine- 


teenth century the choice of 


foodstuffs for use during the winter 
months was very much restricted and 
often resulted in unbalanced diets. 
Because they deteriorated quite 
quickly, many fruits and vegetables 
were available for only a short period 
after they had been harvested. Some 
foods, notably meat and fish, were 
preserved by smoking, salting or pick- 
ling, while certain fruits could be 
dried in the sun. But much of the 
nourishment, in particular the vita- 
mins, was lost from some of these 
foodstuffs while they were being pre- 
served. 

Since those days various techniques 
have been developed to protect food 
against deterioration. The principal 
methods in use today are refrigeration, 
dehydration and canning. In conse- 
quence, virtually any food which is 
cooked before it is served can be 
stored safely for out-of-season use. As 
a result of research extending over a 
number of years, new and improved 
techniques have been introduced so 
that much more of the flavour and the 
essential nutritional elements present 
in the fresh food are retained when it 
is preserved. 

It was a French chef, by name 
Nicolas Appert, who in 1809 laid the 
foundations of the modern canning 
industry. Although another 50 years 
elapsed before Louis Pasteur demon- 
strated the existence of bacteria and 
the undesirable effect which they 
could have on foodstuffs, Appert ob- 
viously recognized the need for 
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vegetables to be fresh and clean when 
they are preserved, and for the air to 
be excluded from storage vessels. 
According to Appert’s method, the 
food was heated for a pre-determined 
time — by experiment he had found 
the optimum time of heating for 
different foods — and while the product 
was still hot it was sealed into a glass 
jar. Quite soon soldered tinplate canis- 
ters —the forerunner of the modern 
can—replaced the glass jars which 
proved to be too fragile. 

In the early days of the canning 
industry much of the work was done by 
hand. The cans themselves were hand- 
made, a good craftsman manufactur- 
ing about 60 cans during a long 
working day of perhaps 14 hours. But, 
in common with many other indus- 
tries, the canning factories of today, 
and indeed the manufacture of the 
cans themselves, are highly mechani- 
sed. 

Making the Cans 

So great is the demand for cans, or 
tins as they are sometimes called, 
that they are frequently produced at 
a different factory from that at which 
the foodstuffs are actually sealed into 
them. Cans are usually made from 
tinplate. That is thin sheet steel coated 
on both sides with a thin layer of tin. 

Before the sheets of tinplate are cut 
and formed into cans they are some- 
times coated with lacquer, as a pre- 
caution against the contents of the 
cans’ becoming discoloured through 
contact with the tinplate. The 
lacquered surfaces are dried by heat- 
ing in large ovens. 


In this machine the strips of tinplate for 
the cans are cut to the correct size. 


The big sheets are then ready to 
be cut by machine, first into strips and 
then into rectangles so that they yield 
cylinders of the correct size. Notches 
are cut from the two corners of onc 
edge of the blanks, while two short 
slits are made in the opposite edge. 
Seam hooks are made by folding back 
the metal between the two slits and 
between the two notches. 

In the next stage the flat blanks are 
formed into cylinders by placing them 
over a cylindrical rod or mandrel and 
by allowing the two seam hooks on 
the opposite edges to interlock. After 
this seam has been closed, it is sealed 
with solder. The two ends of the 
cylinder are then opened out to form 
flanges. 

Meanwhile, the circular discs which 
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will form the ends of the cans are 
punched out of further tinplate sheets. 
During the punching operation circu- 
lar grooves are made in the discs. A 
lining compound is injected into the 
groove which runs around the rim. 
This helps to make the can air-tight 
when it is sealed. 

‘Open Top’ cans are then obtained 
by seaming one end on to each cylinder. 
(A seal is obtained by folding the 
edge of the disc over the flanged end 
of the cylinder). Cans are sent to the 
canneries in this form, together with 
a supply of discs to place over the 
open ends of the cans after they have 
been filled. 

But before the cans are packaged 
ready for despatch to the cannery they 
are tested under air pressure to ensure 
that there are no leaks in the seams. 
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Stages in Canning Peas 


They are loaded on to rotating double 
wheels which accommodate as many 
as 80 cans at once. Any which prove to 
be faulty are rejected automatically. 
Harvesting 

Leading firms in the canning indus- 
try now recognize that the most 
satisfactory products are obtained by 
canning only the best crops which 
have been harvested under ideal con- 
ditions. Usually they are grown speci- 
fically for canning. In some instances 
the canning company actually owns 
the farm, but more often the grower 
works under contract. The canner 
knows from experience that certain 
varieties of a particular crop yield the 
best canned product. It is these 
varicties, therefore, which are supplied 
to the grower. Furthermore, ficld 
officers representing the canning com- 
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(Above). Body blanks being formed into 
cylinders over a mandrel. (Below) Side 
seams being soldered and wiped clean. 


The automatic filling machine which 
measures the correct quantity of peas from 
the hopper into each can. 


pany advise the grower when to plant 
the crop and when it is ready to har- 
vest. And as soon as the crop is 
harvested it must be rushed to the 
factory lest some of its natural flavour 
is lost. 

If peas are being grown in a number 
of farms close to a cannery, whole 
plants may be sent direct to the factory 
to be stripped by machine. In other 
instances the peas arrive already strip- 
ped of foliage and pods. As peas are 
the most popular canned vegetable in 
Britain, the remainder of this article 
will be concerned with canning freshly 
harvested peas. Similar, though not 
identical, processing is applied to 
other vegetables and to some fruit too, 
though the composition of the pre- 
serving liquor varies widely according 
to the product being canned. 
Preparing the Peas 

Foliage is stripped from the vines 
and the peas removed from the pods 
by mz ichinery which is, in some ways, 
reminiscent of the threshing machines 
used to separate corn from the chaff. 
The peas are then conveyed along 
Jlumes or troughs containing running 
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(Above) The machine which strips 
foliage from the pea plant. (Below) 
Air-tight cans leaving the seaming 
machine where the lids are fitted. 


The water also serves to wash 


water. 
away stones and any dirt adhering to 
the peas, which are then graded. (The 
dirt and foreign matter settles out 
on the bottom of the flumes). 

All the peas which pass this selection 
test are then blanched. In this process, 
which improves the colour and tex- 
ture of the peas and also removes the 
last traces of dirt, the peas are scalded 
with boiling water. They are then 
inspected once again, but this time by 
human eyes. The peas are spread over 
a wide moving belt, and girls pick out 
any sub-standard peas. The perfect 
peas, which are now ready for can- 
ning, are stored in filler hoppers. 
Preparing and Filling the Cans 

While the peas are being made 


A batch of pea cans being lowered into a 
giant pressure cooker or autoclave for the 
peas to be sterilized and cooked. 


ready for packing, the cans are pre- 
pared for receiving them by being 
passed through a washing unit equip- 
ped with both steam and water 
chambers. The clean cans are then 
inverted so that any residual moisture 
may drain away. 

The cans are then brought into 
position under the feed hoppers and. 
as each one passes through, a pre- 
determined quantity of peas is run 
into it. In view of the requirements of 
the Weights and Measures Acts, even 
stricter control must be observed at 
this point than elsewhere in the fac- 
tory. The cans are then topped up 
with hot brine (a solution of salt in 
water) which also contains traces of 
mint essence and sugar. A ‘head space’ 
must be left at the top of the cans to 
allow for expansion of the contents as 
the cans are heated. 

Now the lids of the cans are seamed 
on. This is done by another automatic 
machine which curls the edges of the 
lid over the flange of the open end of 
each can. There should be no air 
remaining inside the cans. 

The peas already sealed in their 
cans are then sterilized. They are 
heated by steam under pressure to a 
temperature of 115°C and remain in 
the unit for between 20 and 30 
minutes. As well as killing off any 
harmful bacteria which may have 
been packed with the peas, this also 
cooks the peas. When there is a large 
number of cans of one product to be 
sterilized they are passed through a 
continuous hydrostatic high-speed 
sterilizer. However, smaller batches 
can be handled more conveniently by 
loading them into enormous pressure 
cookers called autoclaves. 

Labelling and Despatch 

The cans are now ready to be label- 
led. First, two spots of hot glue are put 
on each can by a pair of small rollers. 
Then, as the cans are spun round, the 
glue spots pick up a label which is 
wrapped around the can. 

Finally, the .cans arrive at the 
packaging machine. Here the cans are 
packed automatically into fibreboard 
cases, the flaps of which are then glued 
and sealed in another machine. The 
filled and sealed cases are then trans- 
ported to the Finished Goods Store to 
await shipment by road or rail. 


TECHNOLOGY 


The Suspension System 


HE suspension of a car is designed 

to provide a smooth and com- 
fortable ride for the passengers by 
absorbing all the shocks caused by 
bumps in the road. So that the road 
wheels can closely follow the contours 
of rough road surfaces at speed, the 
weight of the wheels and its attached 
parts (i.e. the unsprung weight) must 
be kept as low as possible. The beam 
type front axle which was used in pre- 
war vehicles (and still used in heavy 
low speed vehicles) provided con- 
siderable unsprung weight. Most 
modern cars, however, have adopted 
independent front suspension in order to 


Coil and wishbone suspension with spring 
coil and shock absorber attached to lower 
wishbone and chassis frame. 


overcome this problem. Although 
many British and American cars still 
retain a solid axle at the rear, an 
increasing number are fitted with 
independent rear suspension. 

The front wheels are each connected 
to the body of the car by a system of 
levers, each incorporating its own 
spring. Thus one front wheel can 
travel over a bump without affecting 
the other. 

A common front suspension system 
uses two ‘wishbone’ links and a coil 
spring. The wheel is carried on a 
short stub axle on a “IT” shaped king-pin 
which in turn is carried on ball joints 
by the ‘wishbone’. The king-pin and 
wheel can turn for steering the car. 

The upper wishbone is usually 
shorter than the lower one so that 
although the wheels rise and fall inde- 
pendently the distance between them 
at the road surface (i.e. the wheel track), 
remains constant. Otherwise the tyres 
would scrub sideways on the road sur- 
face and increase the rate of tyre wear. 


The coil spring which transmits the 
weight of the vehicle to the road wheel 
is located between the lower wishbone 
and a bracket attached to the chassis 
frame or body. 

In recent years several popular 
makes of cars have adopted indepen- 
dent rear suspension (I.R.S.). The 
advantages of I.R.S. are similar to 
those of independent front suspension. 
Shock-absorbers 

The shock absorbers absorb the 
energy gained by the spring when it is 
deflected by a bump in the road. This 
energy would otherwise be employed 
in ‘bumping’ the body of the car. They 
also act as dampers to stop any ten- 
dency of the car to sway on its springs.. 
The modern shock absorber is usually 
set so as to give a greater degree of 
damping on rebound (when the spring 
is pushing the wheel down) than when 
a bump in the road forces the spring 
to be compressed. 

On older vehicles, with leaf-suspen- 
sion all round, friction between the 
leaves provided a certain amount of 
damping but even with this type of 
suspension it was necessary to provide 
additional damping. 
Telescopictype of shock absorber 

This type of shock absorber is much 
used. It consists of a piston and rod 
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op) A conventional rear suspension system, showing the rigid rear axle and leaf springs, 


attached to the chassis (or body) and 
an inner cylinder attached to the axle 
or wheel suspension. The piston slides 
in the inner cylinder which is sur- 
rounded by a second cylinder forming 
a fluid reservoir known as the re- 
cuperating chamber. 

On the bump stroke the piston 
slides downwards in the inner cylinder 
and fluid is forced through a valve in 
the base of the cylinder into the 
recuperating chamber. On the re- 
bound stroke, fluid on the upper side 
of the piston is subjected to pressure 
and is thus forced through the piston 
valve. Fluid is allowed to return in the 
following stroke through secondary 
valves located in the base of the 
cylinder and piston. 


CHASSIS 


TELESCOPIC REAR 
SHOCK AXLE 
ABSORBER 


together with the telescopic shock absorbers. (Bottom) Front suspension showing coil and 


wishbone system. 
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MAGNETISM 


HYSTERESIS 


HEN an electric current is passed 
through a coil of wire, the coil 

acts like a bar magnet with a North 
Pole at one end and a South Pole at 
the other. In other words, it acts 
as an electromagnet. If a bar of soft iron 
is placed inside the coil, the strength of 
the electromagnet is much increased. 
This is because the piece of soft iron is 


A hysteresis loop is the result 
of plotting on a graph magneto- 
meter deflection against current 
supplied to the coil of wire 
wrapped round the iron or steel 
bar. Initially, the current is 
zero, and the magnetometer de- 
flection is also zero. As the 
current is increased (by varying 
the variable resistor, or rheostat) 
the deflection increases up to a 
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itself converted into a magnet by the 
effect of the current in the coil, and the 
strength of this magnet is added to 
that of the coil ‘magnet’. 

This effect can be demonstrated in 
a series of simple experiments. An 
electric current is passed through the 
coil of wire, and an instrument which 
measures strengths of magnetic fields, 
a deflection magnetometer, is placed some 
distance from the solenoid, along the 
axis of the coil. As the current through 
the coil is increased, the deflection of 
the magnetometer needle increases, 
showing that the magnetic field 
around the coil is increasing. 

By putting an iron bar in the coil, 
the magnetometer deflection is found 
to be very much greater. This shows 
that the combined magnetic fields of 
coil and bar are much greater than 
the field of the coil itself. 
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Electromagnets, which are simply 
iron bars with a coil of wire wrapped 
round them, are often used in electric 
motors, and in many other kinds of 
electric machinery. They are used 
because they can provide very strong 
magnetic fields, controllable just by 
switching the electric current in the 
coil on and off. Generally speaking, 
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DEFLECTION 


MAGNETIZING CURRENT 
INCREASING 


maximum value. The iron bar 
is then magnetically saturated. 
The current is reduced, and even 
when it is zero again, the mag- 
netometer stays deflected to some 
extent (point A). To reduce the 
magnetometer deflection to zero, 
the current has to be pushed 
around the coil in the opposite 
direction (point B). 
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the bigger the current, the more 
powerful the electromagnet. 

Many electromagnets are powered 
by alternating current (A.C.). The cur- 
rent increases in one direction up to a 
maximum, then decreases to zero and 
starts to increase in the opposite 
direction. It reaches its maximum 
in this direction, and then drops back 
again to zero. Current from the A.C. 
mains repeats this to-and-fro cycle 50 
times per second. 

As the current in the coil surges 


to-and-fro, the iron bar is magnetized 
first in one direction and then in the 
other direction. But electromagnets 
are reluctant to change their direction 
of magnetization. The direction does 
change, but lags behind the change in 
current. Energy is wasted in forcing 
the bar to change its direction of mag- 
netization and the name given to this 
energy loss is hysteresis. 

Energy losses are always important 
in electric machinery. Obviously they 
must be reduced as much as possible if 
the machine is to work as efficiently as 
possible. This is why hysteresis is so 
important. 

It can be investigated using simple 
laboratory apparatus—a source of 
direct current, a deflection magneto- 
meter and, of course, the coil of wire to 
wrap around the iron bar under 
investigation. The direct current is 
increased step by step in one direction, 
then decreased to zero and increased 
in the other direction. This is rather 
like pushing one complete cycle of 
alternating current through the coil, 
but the steps are slowed down so that 
the behaviour of the magnet can be 
studied (with the magnetometer) at 
each stage. The results are plotted on 
a graph with the current supplied to 
the coil along the horizontal ‘x’ axis 
and the magnetometer deflection (a 
measure of the strength of the electro- 
magnet produced by the current) 
along the vertical ‘y’ axis. 

It is found that, as the current 
increases, the magnetometer deflec- 
tion increases, but only up to a certain 
value. Then, no matter how the cur- 
rent is increased, the magnetometer 
reading stays the same. The strength 
of the electromagnet increases up to 
« maximum, and the magnet is then 
said to be saturated. 

When the current is reduced, the 
magnetometer deflection is reduced. 
But the iron bar tends to ‘hang on’ to 
its magnetism, and even when the 
current is reduced to zero, its field 
continues to deflect the magneto- 
meter needle. A considerable current 
must be pushed through the coil in the 
opposite direction before the bar finally 
loses its magnetism. Then, as the 
current is increased in the opposite 
direction, the bar is magnetized in the 
opposite direction. As one cycle is 
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Steel has a ‘fat’ hysteresis loop. It is 
difficult to demagnetize, so steel is used 
for permanent magnets. Substances, like 
soft iron, with thin hysteresis loops, are 
used for transformer cores. 


completed and the next one started, 
the graph becomes a loop, called a 
hysteresis loop. 

The ‘fatness’ of the loop is a 
measure of the amount of energy 
wasted in changing the direction of 
magnetization (i.e. the hysteresis loss). 
Soft iron hysteresis loops are thin, 
because soft iron is easily magnetized, 
demagnetized and remagnetized in 
the opposite direction. Steel loops, on 
the other hand, are fat because steel is 
far more reluctant than soft iron to 
change its direction of magnetization. 

Why is there a maximum saturation 
value of the magnetism of the magnet, 
and what is happening inside it to 
cause hysteresis ? The generally accep- 
ted theory is that the iron bar is made 
up of thousands of tiny magnets, and 
when the bar is unmagnetized, the 
magnets are pointing in all directions, 
so that their effects cancel each other. 
The magnets are not the individual 
molecules of iron, but groups of per- 
haps thousands of molecules, called 
domains. Each molecule of iron acts 
like a magnet, with its own North and 
South Pole. In a domain the molecules 
are arranged in orderly fashion, so 
that they reinforce each other. The 
domain acts like a magnet, but in un- 
magnetized soft iron the directions of 
magnetizations of groups of domains 
are arranged so that their effective 
magnetization is nil. 

The effect of the current is to swivel 
round the domains so that they are all 
pointing in roughly the same direction. 


When they are all pointing in the 
same direction, no amount of current 
increase can straighten them any 
more. The iron bar is magnetically 
saturated. 

As the current is increased, one 
domain after another swivels round. 
It is found that the amount of mag- 
netization does increase smoothly (as 
indicated by the hysteresis loop), but 
in tiny steps as the direction of mag- 
netization of each domain swivels 
round into line. When the magnetic 
field suddenly changes in this way, it 
causes an electromagnetic wave (a 
kind of radio wave). The wave can be 
picked up with an aerial, amplified, 


These are the ‘domains’ 
which move around when 
the iron becomes magnetized 
and demagnetized. 


‘Listening in’ to the movement of the ‘domains’ of a piece of tron. The smaller coil wrapped 
around the iron bar is a kind of aerial, picking up the electromagnetic waves sent out as each 


and turned into an audible sound. 
Scientists have actually ‘listened in’ to 
the movement of the domains. Each 
domain movement is heard as a faint 
click. This is called the Barkhausen 
effect. 

The domains are not entirely free 
to swivel round. Hysteresis is a measure 
of the amount of magnetic ‘friction’ 
they have to overcome. While most 
of the electrical energy from the 
electric current is stored as the mag- 
netic energy of the piece of iron and 
is available for use, the hysteresis loss 
cannot be reclaimed. As with most 
kinds of ‘friction’ energy loss, it is 
converted into heat energy. 


Hysteresis loops are not 
really smooth, as the tron 
is magnetized in little 
steps, each one the move- 
ment of a ‘domain’. 


_—— 


domain twists around. As the current magnetizing the coil changes, a succession of clicks can 


be heard. 
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BIOLOGY 


Feeding in SNAKES 


ONE of the most obvious things 
about snakes is the absence of 
limbs. This might lead one to think. 
that snakes would have difficulty in 
capturing and consuming live food. 
However, a number of special modifi- 
cations, mainly involving the skull and 
jaws, fully compensate for the absence 
of limbs. In fact, there are no known 
plant-eating snakes and it is rare too 
for a snake to eat dead food. 
The diet of snakes consists of a wide 


The jaw and skull of a rattle-snake. 


variety of animals (including other 
snakes). A few of the smaller species 
feed upon worms, slugs and insects, 
but most snakes thrive on frogs, 
lizards, other snakes and small mam- 
mals such as rodents. Reports of huge 
snakes eating pigs and antelopes are 
often quoted but such cases are com- 
paratively rare. 

Most snakes appear to find their 
food by sight and smell. The continual 
flickering of the forked tongue serves 
to collect tiny particles from the air 
and the ground. Sensitive organs in 
the roof of the mouth can then detect 
any smell associated with these par- 
ticles. Having found its prey, the 
snake must overpower it before eating 
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it. In the case of small and relatively 
inactive prey there is no problem, but 
birds and mammals must first be 
killed or, at least, paralysed. This is 
done by constriction (the snake winds 
its body around its victim and prevents 
it from breathing) or by the injection 
of poison. Snake venoms usually act 
upon the blood and tissues or upon the 
nervous system. 

Not all snakes are poisonous. Many 
have neither poison glands nor fangs, 
which are special teeth modified for 
conducting venoms. The largest family 
of snakes is the Colubridae which con- 
tains both poisonous and non-poison- 
ous species. The fangs (when present) 
are relatively short and are not move- 
able. Snakes of the family Viperidae all 
have large fangs which lie along the 
roof of the mouth when at rest. The 
bones of the upper jaw are moveable 
and, when the snake strikes, they 
move like levers so that the fangs are 
pushed forward. Closing of the mouth 
then forces the fangs into the victim. 
Small mammals are quickly killed. In 
the Elapidae (Cobras, Mambas, etc.) 
the fangs are quite short and are not 
moveable but the venom is usually 
very powerful. 

All the snake’s teeth are sharp 
pointed structures not adapted for 
chewing. All food is swallowed whole 
therefore, Snakes are normally very 
slender-bodied creatures but their 
jaws are so constructed that they can 


This egg-eating snake has only 
tiny teeth. The egg is swallowed 
and crushed in the gullett. The 
yolk and white flows on to the 
stomach while the shell frag- 
ments are vomited. 


swallow prey of a considerably larger 
diameter. The two halves of the lower 
jaw are not fused together but joined 
by an elastic ligament. At the hind 
end, the lower jaw is loosely attached 
to the skull and there is frequently a 
hinge in the skull which allows the 
mouth to open even more. As a rule 
the prey is swallowed head first. The 
rows of sharp backward pointing 
teeth catch hold of the animal and the 
jaws of the snake are gradually moved 
forward until the prey is completely 
engulfed. The snake in fact draws itself 
over its food by means of its teeth. The 
whole region of the mouth and neck is 
very elastic, so too are the ribs, and the 
food is moved on into the stomach 
where digestion goes on as normal. 
During the process of swallowing, the 
snake’s teeth frequently break, but 
they are continually being replaced by 
new rows growing parallel in the gum. 
Swallowing a large meal may take 
some considerable time and a special 
breathing arrangement is present. The 
end of the windpipe (glottis) can be 
extended into the floor of the mouth 
(between the two halves of the lower 
jaw) and breathing can continue un- 
hindered while the snake feeds. 


Zs 


A rattle-snake striking. The fangs are 
outstretched ready to be plunged into 
the victim. (Inset), The mouth from 


the front, showing the opening of the 
wind-pipe between the lower jaws. 


PHYSIOLOGY 


THE PARATHYROID GLANDS 


ARLY researchers found that an 
animal often died after its thyroid 
gland had been removed. Yet removal 
of the thyroid itself is not normally 
fatal. Embedded in the back of the 
thyroid are the parathyroid glands. In 
removing the thyroid the experimen- 
ters had unknowingly removed the 
parathyroids as well, and it was this 
that led to the animal’s death. The 
parathyroids are essential for life. 
Though they are closely associated 
with the thyroid gland they remain 
separated from it by means of a con- 
nective cover or capsule. Usually there 
are four glands, two attached to each 
lobe of the thyroid, but the number 
may vary from a minimum of two to 
the known maximum, twelve. They 
are yellowish-brown in colour. 

Each parathyroid is about the size 
of a split pea. Together their total 
weight is only 1/80 ounce (about 0-3 
gram), yet they have a profound effect 
on the activities of other tissues. The 
parathyroids are particularly concer- 
ned with the body’s utilisation of 
calcium, possibly also with that of 
phosphorus. Their removal leads 
rapidly to the continued contraction 
of the muscles (tetany), as a result 
of the disturbance of muscle and nerve 
fibres, and death ensues. Disruption of 
the normal working of muscles and 
nerves is largely due to the drop in the 
blood calcium level which follows 
parathyroid removal. 

The parathyroid hormone (PTH) is 
probably a polypeptide (a substance 
made up of several amino acids) with 
a molecular weight of just under ten 


(left) A healthy animal moves normally, 
eats well and so on; bone growth is strong. 
(extreme right) an animal whose para- 
thyroids produce too much hormone even- 
tually becomes lethargic due to the increased 


thousand, but no very pure extracts 
have yet been obtained. Because of 
this, accurate analysis of its role in the 
body is not possible at the present, 


; THYROID ff 
a GLAND 


The parathyroid glands are situated in the 
neck behind and embedded in the thyroid 
gland. 


When insufficient parathyroid hormone is 
produced, blood calcium is lowered and the 
muscles eventually contract of their own 
accord (tetany). (right) parathyroid tetany, 
(left) hand held relaxed. 

though many experimental data have 
been obtained. Injection of parathy- 
roid extract or of calcium relieves the 
symptoms that follow the glands’ 
removal. There is a_ relationship 


quantity of calcium in the blood. This 
extra calcium comes from the bony skeleton 
which loses large amounts. (centre) dia- 
grams showing the appearance of bone 


between the size of the parathyroids 
and the amount of calcium in the diet. 
A low dietary calcium level causes 
their enlargement and conversely an 
increase in the level of calcium produ- 
ces a reduction in their size. Milk is 
rich in calcium, and so it is not sur- 
prising that the parathyroid gland ofa 
female mammal increases in size whilst 
she is suckling her young. 

Recently it has been shown that 
PTH increases the absorption of cal- 
cium from the food through the wall of 
the intestine. It is interesting that 
the presence of vitamin D is essential 
for the absorption of calcium through 
the gut wall and for the proper for- 
mation of bone, for the parathyroid 
secretion also has profound effects 
on bone. The injection of PTH causes 
calcium to be removed from the bone 
and there is a consequent increase in 
the blood calcium level. The grafting 
of parathyroid tissue onto the bone 
also causes the removal of calcium 
from the bone, but only in the region 
of the graft. 

A large part of the body’s calcium 


is found in the skeleton. Besides its 


structural role there and in teeth, 
and its part in the working of muscles 
and nerves, it is also necessary for the 
proper clotting of the blood. Calcium 
affects the passage of ions from one cell 
to another, particularly through the 
walls of the blood capillaries. Since 
calcium has so many functions it fol- 
lows that the effects of the parathyroid 
are multiple, and hence abnormalities 
of them produce such far-reaching 
results. 
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and 
(right) in one that has received injections of 
parathyroid extract. The bone cells also lose 
calcium and become elongated and fibrous. 


sections in a normal animal (left), 
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forest floor are all fairly quickly 
acted upon by baeteria and broken 
Bidown into simple chemical com- 
 /f pounds that can be absorbed by other 
plants. This process of bacterial de- 
+8 composition, however, requires plenti- 
be, aa supplies of oxygen. In waterlogged 
. eesoit, only a small amount of decom- 
y. position occurs. Organic acids (e.g. 
humic acid) are formed and prevent 
bacterial action. The plant remains, 
both woody and non-woody, build up, 
layer upon layer, and a peat bog 
results. 
Peat is a fibrous or woody material 
in which the plant remains are still 
‘fairly obvious. The cellulose and lig- 
nin walls of the plants are preserved. 
_ As the peat accumulates, the lower 
Seedayers become compressed and lose 
some of their water. When dried, this 
compacted peat can be used as a low 
grade fuel. Prolonged burial (for 
gpillions of years) of such peat de- 
Sits has resulted in the formation 
_ of goal. The combined effect of pres- 
| Sure and heat gradually forced out the 
Whydrogen and oxygen (in the form of 
mywater, carbon dioxide, methane, etc). 
his increased the percentage of car- 
bon and the peat turned into coal. 
The most efficient heating coal is the 
one with the highest carbon content. 
Rank of Coal 
There are, in the Earth’s crust, 
organic deposits of all stages, ranging 
from newly formed peat to the highest 
quality coal. The stage of alteration 
is the rank of the coal. Peat, which is 
not very different in composition from 
living plant material, has the lowest 
rank of all, and the lowest percentage 
of carbon. A little above peat in the 
ranking is lignite. Plant structures can 
often be seen in it and show that it is 
derived mainly from forest peat (i.e. 
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it is composed mainly of woody frag- 
ments). 

Lignite is often called brown coal, 
especially when the plant structures 
are not clearly visible. These deposits 
are common in the Mesozoic and 
Tertiary rocks formed less than 200 
million years ago. Brown coals are 
used locally as fuels but are not 
commercially important. There are 
very few brown-coal deposits in Britain 
but America and Australia are well 
endowed with them. 

By far the most important coal is the 
bituminous coal of the Carboniferous 
period (about 250 million years ago). 
Most of the world’s coal comes from 
these deposits (the Coal Measures). 
Bituminous coal is normally shiny and 
black and shows a banded structure. 
Plant remains are not visible to the 
naked eye. The highest ranked coal is 
anthracite, formed, it would appear, 
where the beds have been subjected to 
extreme pressure. It is a hard, brittle 
coal containing about 95% carbon 
and is a very efficient fuel. Its hot 
smokeless flame makes it suitable for 
many industrial and domestic uses. 

As a rule the older the deposit, the 
higher the rank of coal. This is be- 
cause the ‘coalification’ process has 
been going on for a longer period. 
However, in volcanic regions, where 
earth movements have created extra 
heat and/or pressure, bituminous coals 
have been found in Tertiary and 
Mesozoic deposits. 

Bituminous Coal 

Because of its importance, this type 
of coal has been studied more fully 
than any other. It contains between 
70 and go% of carbon, 8 to 15°% oxy- 
gen and 4% hydrogen. There are also 
small amounts of sulphur and nitrogen 
—both of which are present in the 
material of living plants. All coals 


NEUROPTERIS ANTHRACONAIA 


A FOSSIL SEED FERN 


A NON-MARINE 
MUSSEL 


SOME COAL-MEASURE FOSSILS 


contain a certain amount of mineral 
matter derived partly from the origi- 
nal plants, but mainly from water 
percolating through the deposits 
during and after their formation. This 
mineral matter forms the ash when 
the coal is burnt. 

Bituminous coal has a banded ap- 
pearance and microscopic examina- 
tion of the different layers shows that 
they are made up of different 
materials. The brightest bands are 
called vitrain. This material breaks 
easily into regularly-shaped pieces and 
is clean and shiny. It does not form 
extensive layers — only relatively small 
patches. Examination under the 
microscope shows that it is made up 
of altered wood and bark. Probably 
each patch represents a single fallen 
tree. Clarain forms other bright bands, 
but these are layered themselves. 
There are very thin bands of vitrain, 
separated by a duller material called 
durain. Clarain is, in fact, a combina- 
tion of vitrain and durain. The latter 
also forms bands alone. It is harder 
and duller than vitrain and is made up 
of spores (pollen) and many tiny 
fragments too small to be identified. 
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A graph showing how the percentages of 
carbon, oxygen and hydrogen change during 
coal formation. 


The dirtiness of coal is due to a fourth 
material — fusain. It is a flaky char- 
coal-like material that occurs in thin 
layers in the coal seam. The coal 
splits along these layers quite easily 
and the fusain rubs off. How fusain is 
formed is not yet understood. 
The Coal Measures 

The earliest coal-bearing deposits 
of any value are of Carboniferous 
age (250 million years ago); pre- 
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The rock sequences in the Coal Measures are the results of rhythmic sinking of the coastal 
swamps. Flooding of the swamps produced shales and marine deposits. Accumulation of these 
built up the sea-bed until swamps again developed. 


sumably woody plants were not suffi- 
ciently advanced before this time, or 
conditions were not suitable for their 
widespread preservation. The main 
coal fields are situated in North West 
Europe (including Britain) and the 
Eastern part of North America. A 
study of the Carboniferous Coal 
Measures suggests that they were laid 
down in vast coastal swamps and that 
each seam represents the vegetation of 
a single swamp in position. 

Actual coal forms only a small part 
(less than 5°%) of the coal measures; 
shales, sandstones and mudstones to- 
gether make up the bulk of the rocks. 
There is a clear sequence of rock 
types, repeated many times through- 
out the coal measures. Below each 
seam of coal there is a bed of fine 
sandstone (ganister) in which there are 
often impressions and casts of plant 
roots. This is further evidence that 
the coal seams are formed in situ on 
the site of the old swamp. Above this 
ganister is the coal itself. Clarain and 
vitrain represent the accumulation of 
normal plant material while durain, 
containing only assorted small frag- 
ments, probably represents the accu- 
mulation of material during tem- 
porary flooding. Occasional strips of 
sand would represent washout streams, 
flowing through the swamp. Plant 
remains within the coal indicate that 
the principal inhabitants of the forest 
swamps were giant club-mosses such 


as Lepidodendron and Sigillaria, and 


huge horsetails (Calamites). Smaller 
fern-like plants existed beneath them. 
Insects such as dragonflies were com- 
mon but no birds or flowering plants 
were to be found. It has been esti- 
mated that twenty feet of plant debris 
went into every foot of coal seam. Coal 
seams vary from a few millimetres to 
fifty feet or more. The larger ones rep-' 
resent vast accumulations of plant 
debris. 

Above the coal seams there are 
normally shales — muddy and sandy 
deposits. They contain many shells of 
freshwater “mussels and remains of 
fern-like plants such as Neuropteris. 
These freshwater deposits indicate a 
sinking of the swamps and the accu- 
mulation of still or slowly moving 
water. Many of the shales are followed 
by marine deposits — limestones and 
sandstones, indicating complete sink- 
ing of the coastal swamps. There must 
also have been uplift of the inland 
regions for much sediment was de- 
posited around the coasts and even- 
tually built up to sea-level again. 
Swamp conditions again prevailed 
and the next coal.seam was formed. 

To accommodate the vast thicknes- 
ses of the coal measures there must have 
been a great deal of subsidence of this 
type but this is consistent with the 
other earth movements that were 
going on at the time. They culminated 
in the Hercynian or Armorican earth 
movements which brought the Car- 
boniferous Period to a close. 


1139 


MATHEMATICS 


Permutations AAR: a? ie 


APERMUTATION i is a way of arranging a number of 
different things. If there are 8 people waiting to fill 
8 seats around a table, then each way of arranging them 
is called a permutation. The number of different permu- 
tations is often fantastically large. There are in fact 40,320 
ways of arranging 8 people in 8 places around a rectangular 
table. This number can be calculated quite easily. 
At the start, there are 8 empty seats and 8 occupants for 


There are 5 combinations of 

4 colours selected from 5. A 

combination is just a grouping 

of things, not arranged in any 
particular order. 


them. So there are 8 different ways of filling the first seat 
alone. When the first seat is filled 7 occupants are left. As 
there were 8 different ways of filling the first seat, there are 
now 7 different ways of filling the second seat. For each one 
of the 8 possibilities for the first seat, there are 7 possibilities 
for the second seat. So the number of ways of filling the 
first two seats is 8 x 7 = 56. 


or 4,426, 165, 368! 
_, The chances are usually a little better than this, as there may be more than 
draws to choose from, and some matches have a greater probability of being 
draws than others. 

Football ‘perms’ are in fact based on this second supposition. Some matches 
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Choice of 8 for the first 
SOAE ws ... 7 for the second... 


Only 6 people remain to fill the remaining 6 seats. 
The third seat can be filled by any one of these, which 
means that there are 6 ways of filling it. The total number 
of ways of filling the first three seats is therefore 8 x 7 x 6 
= 336. 

Similarly, there are 5 possibilities for the fourth seat, 
4 for the fifth, 3 for the sixth, 2 for the seventh, and the last 
remaining person automatically fills the eighth place. 

The number of ways 


of filling 4 placesis8 x 7X 6x5 (= 1,680) 
of filling 5 placesis8 xX 7xX6x5 x4 (= 6,720) 
of filling 6 places is8 X 7X 6X5x4x3 (= 20,160) 
of filling 7 placesis8 Xx 7X6X5xX4x3x2 (= 40,320) 
of filling 8 places is8 xX 7X6X5x4x3x2xI (= 40,320) 
which makes a grand total of 40,320 different ways. 


The number 8 x 7 x 6 x 5 x 4 
name factorial 8 (symbol gt) 

The number of permutations can be worked out in a 
similar way if there are more occupants than seats, or 
more seats than occupants. When 8 people contend for 
only 4 seats, the total number of ways of filling the seats is 
8 x 7 x 6 x 5, that is, the first 4 figures of factorial 8. If 
only 4 people are available for 8 seats, the number of 
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Permutations, Combinations and the Pools 


A likely problem in football bad he is the selection out of a total of about 64 
matches, of 8 drawn games. 
number of possible See cuticles (not permutations, since the 8 drawn 
matches are not to be arranged in any order) of picking the right 8 from 64 
- is very large indeed. If there are only 8 draws among al 
works out that the number of combinations is:— — 
x - x 62 x 61 x 


his is a considerable problem, since the total 


the matches, then it 


te 
x 6x x 4x 


57 (the number of permutations) 
factorial 8 
(there are ropechied renuttbg) 


(usually about 13) are adjudged to be more likely ‘draws’ than others, and 
the ‘perm’ is a way of selecting any 8 of these. ‘Perms’ are not really permu- 
tations, but complicated kinds of combinations, since again the order of the 
matches is immaterial. Even if there were 8 draws among the 13 selected 
matches, the number of combinations of 8 from 13 is still as large as | 287. 

The number of combinations of 8, selected from 13, is 
13 x 12x Il x 10 x 9 x _ x * X_6 (no. of permutations) 

KOTEK OR: SKA factorial 8) which is 1,287. 
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permutations is exactly the same. The first person has the 
choice of 8 seats, the second of 7, and so on. So the number 
of permutations is 8 x 7 =~ 6 x 5, or 1,680. 

Permutations are ways of arranging things in a definite 
order. People sitting around a table are sitting in a definite 
order, so the ways of arranging them are permutations. 

Often confused with permutations are combinations, 
where the order in which the things are arranged is not 
considered at all. When there are 8 people, but only 4 
seats, then there are 8 x 7 x 6 x 5 ways of arranging 
them in order (permutations). But if the seating arrange- 
ment is unimportant, and we simply want to know the 
possible groups of 4 people selected from the 8, to sit 
anywhere around the table, then we are dealing with 
combinations. 

While there are 1,680 permutations of 4 people chosen 
from 8, there are only 70 combinations. ‘Vhe number is 
smaller because the order is not considered. The best 
way of proving that there are 70 combinations is to find 
out what must be done to the number of combinations to 
make it equal to the number of permutations. 


Permutations 


The number of permutations of 8 different objects is factorial 8 (8 x 7 x 
6 x 5 x 4x 3 x 2 x | — symbol 8!). In the same way, the number of 
permutations of 10 objects is factorial l|O(IOx9x8x7x6x5x4 
x 3 x 2 x | or 10!). So the number of ways of arranging any number of 
objects in a definite order is the factorial of that number. That is, if 
therearen different objects, then the number of ways of arranging them 
in a definite order is n! 
The number of permutations of 3 objects, selected from 8, is8 x 7 x 6. 
In other words, it is the first 3 numbers of factorial 8. This is the same, 
mathematically, as 
8x7x6x5x4x3x2x 1 _ factorial 8 Bt 

ae, She ip a ge ~~ factorial (8-3) 5! 
Similarly, the number of ways of selecting, say, 8 different objects from 
10, and arranging them in a definite order, is 


10. 9B Te KO KES 4 98 CD Is factorial 0 sO! 
x ~ factorial (10-8) ~ 2! 


Put in the form of mathematical symbols, the number of ways of select- 
ing a number of objects (r) from a larger number of objects (n) and 
arranging them in a definite order is 

factorial n SERS a 

factorial (n—-r) — (n—r)! 


® 
... 4 for the fifth... 


... 2 for the seventh... 
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2. 3B for the sixth... 
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...and the last person has no choice. So the total number of 
permutations is...8X7xX6OxX5Sx4x3x2xI1 


For each one of the combinations (i.e. for each set of 
four people), there are 4 x 3 xX 2 < I ways of arranging 
them in order (i.e. 24 permutations). So for all the com- 
binations, 


the number of permutations is 
the number of combinations X 4 x 3 x 2 x | 
number of permutations 


ce one ee Sey ae seal 


So the number of combinations is the 


1,680 
“"4x3x2xI 


or 70 


Combinations 


The number of combinations is smaller than the number of 
permutations, since a combination of objects is not arranged 
in a particular order (e.g. the people are not arranged in a 
particular order around the ree : 
The number of combinations of 4 people, selected from 8, is 
the number of permutations of 4 people from 8 
factorial 4 
The number of combinations of, say, 7 people from || is 
the number of permutations of 7 people from || 
factorial 7 


In mathematical symbols, the number of combinations of r 
people, selected from n people, is 


The number of permutations of r people from n 
Se NL BRR TOE CR LEA STS 
factorial r 

n! 
(n-r)! r! 
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METEOROLOGY 


THUNDERSTORMS 


OT sultry weather in summer is 
often broken by local thunder- 
storms. A rumble of thunder is fol- 
lowed by a silence succeeded by a 
rush of cool air, and then the storm 
breaks, usually with flashes of light- 
ning. With the rain, hail may fall. 
Unlike general bad weather in a 
depression, a thunderstorm is usually a 


Thunder is the noise caused by the lightning 
stroke, echoing between clouds. The crackle 
comes from the branches leading off the 
main stroke. 
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local effect, lasting under an hour. 
But thunderstorms may cluster 
together in long lines called squall 
lines. A typical single thunderstorm is 
about 3 to 5 miles across. On the other 
hand, squall lines may stretch several 
hundreds of miles long. In Britain 
thunderstorms may lie between 1,000 
and 3,000 feet above ground. But in 
very dry areas such as Texas the cloud 
tops may rise to 2 or 3 miles above 
ground level and in the tropics they 
may be 6 or 8 miles up. 

In Britain, thunderstorms often 
break in the afternoons and carry on 
well into the night. This is because of 
the daily heating up and cooling 
down of the land. At sea, by contrast, 
thunderstorms bring heavy rain, some- 
times falling in drops some 4 inch 
across. Hailstones, too, often accom- 


pany such storms, and may be as large * 
as golf-balls or tennis-balls. Giant- 


hailstones fall only in the tropics, 
although in Britain during September 
1958, hailstones the size of tennis-balls 
fell in Sussex. The largest weighed 64 
ounces! 

Thunderstorms are most common in 
the tropics and over land with a mild 
climate during the summer. The worst 
storms take place over central Africa, 
Brazil, Malagasy Republic (Madagas- 
car), and Indonesia. In such parts of 
the world, thunderstorms bring most 
of the entire rainfall. 

How Thunderstorms are 
Produced 

All thunderstorms are born under 
much the same sort of conditions. 
They form when large pockets of moist 
air rise through cooler air. This is an 


The thundercloud is held aloft by powerful 
upward air currents. Large hailstones or 
raindrops are the first to fall. They are large 
enough to overcome the upward rush of air. 


example of convection currents: hot air 
rises leaving a space underneath; 
cooler, heavier air rushes in to fill this 
space. Such pockets of air rise some- 
what like air bubbles rising from the 
bottom of a pan of boiling water — 
though, of course, on a giant scale. 
Thunderstorms usually develop in 
summer with the rapid heating of the 
land. The air is hot and humid holding 
a considerable amount of water 
vapour. 

The hot ground heats the air above 
it. The heated air is lighter than the 
air above it and starts to rise. At the 
same time it expands and so cools 
down but, in spite of this, it continues 
to rise because the air it is passing 
through is even cooler and denser. 
(This is because the temperature 
decreases as the distance from the 
Earth’s surface increases). There 
comes a point when the rising air is 
cooled so much that it cannot hold all 
of its water in the form of vapour. The 
excess water vapour then condenses into 
millions of tiny water droplets to form 
a white, fluffy cumulus cloud. As these 
water droplets form, heat is released 
which heats the air, so driving it 
further upwards. The heat released is 
the latent heat, the same sort of heat 
needed to evaporate a puddle of 
water. This liberated heat helps to 
keep the column of cloud rising. 

One vital condition for a thunder- 
storm to be able to develop is that the 
temperature outside the rising cloud 
column must fall off more quickly 
with height than the temperature in- 
side the column. In other words, at 
every point the column is warmer than 
the outside air. In this way, the 
column will become steadily lighter 
than the outside air. So it will rise 


As the upward air currents are ‘worn away’ 
by the rain and hail, smaller drops can 
reach the ground. Often, in a thunderstorm, 
the drops become steadily smaller. 


faster and faster to form cauliflower- 
shaped clouds which will later produce 
thunderstorms, known as heat storms. 

As the cloud rises the water droplets 
turn to ice-crystals which grow until 
they are big enough to fall. As they 
fall they melt into rain drops which 
are met by the updraught of air from 
below. These violent upcurrents of air 
may reach speeds of 60 miles an hour, 
though speeds of 20 miles an hour are 
more common. ‘These upcurrents 
break up the rain drops. The friction 
with the air produces an electric 
charge on the drops, in much the same 
way as rubbing a piece of glass with 
a cloth can make the glass pick up 
charge. 

In fact only the biggest rain drops 
are heavy enough to force their way 
through the violent updraught and 
reach the ground. This is why the rain 
in thunderstorms falls in such big 
drops. The electric charge collects in 
the thunder cloud, called a cumulo- 
nimbus cloud. Eventually the cloud can 
no longer hold its charge and dis- 
charges either to other clouds or to the 
ground. This discharge produces the 
brilliant flashes of lightning which are 
such a feature of summer storms. 
Thunder is the noise produced by the 
charge jumping across the gap be- 
tween the clouds or between cloud and 
Earth. 

The falling rain drops drag the 
rising air down with them to such an 
extent that they start a downdraught 
of cool air from above, so that the 
same thundercloud may have both a 
violent updraught and a strong down- 
draught within it, side by side. The 
action of the two, like an enormous 
pair of scissors, can cut an aeroplane 
in two. At the best, it makes for a very 
bumpy flight. 


If the thunderstorm passes over hills, the 
upward currents may be suddenly halted. 
Then large amounts of moisture can be 
precipitated in a cloudburst. 


The upward rush of air and water vapour meets condensed water droplets and ice crystals 
coming down. Friction between the two causes them to become electrically charged. The 
electricity can be discharged either between the top and base of the cloud, or from the base of 
the cloud to Earth. 


The downdraught bursts out of the 
bottom of the cloud and rolls out side- 
ways along the ground. These make 
up the sudden gusts of wind that signal 
the start of a thunderstorm. Such 
gusts may lift up warm, moist. air 
pockets and so trigger off a new storm. 
In this way, wave after wave of 
thunderstorms may pass overhead and 
strike the ground below. 

Thunderclouds need a continual 
supply of warm moist air to keep 
going. If this is suddenly stopped (if 
the storm passes over a range of hills, 
for instance), the fantastic amounts of 
water which have been kept up by the 
violent updraughts, rather like ping 
pong balls supported by a fountain, 
are liable to fall swiftly to the ground 
in a ‘cloud burst’. 


How Far Away is a Storm? 


The lightning that accompanies a 


thunderstorm gives us a ready means 
of telling how far away the storm is. At 
the same time as the lightning sparks 
to earth on another cloud, the sound 
of thunder is produced along the 
length of the spark trace. But sound 
travels very much slower than light. 
In fact, light travels at 186,000 miles 
a second. For all practical purposes, 
this means that we see the lightning 
at the moment it happens. But thunder 
travels at the speed of sound, that is, 
about a mile in five seconds. This 
means that for a storm one mile away, 
the sound of the thunder will be heard 
five seconds after the flash is seen. At 
two miles, the time interval will be 10 
seconds; at three miles, it will be 15 
seconds, and so on. So to find the dis- 
tance of a thunderstorm, count the 
number of seconds between the flash 
and the thunder after it. Then every 
five seconds will represent one mile. 
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BIOLOGY 


Scaly Egg-Layers 


OST amphibians have to return to 
water to breed. Their eggs are 
soft and jelly-like, lack a supporting 
shell, and the young, which breathe by 
means of gills, can live only in water. 
But whereas amphibians have met 
with only moderate success in their 
efforts to colonise land, reptiles have 
succeeded. To such an extent, in fact, 
that present day water-dwellers have 
to return to land in order to breed! 
Most reptiles lay eggs, some give 
birth to live young and a few retain 
the eggs within their bodies until they 
are ready to hatch. Reptile eggs show 
several advances on those of amphi- 
bians. The soft substance of the egg is 
surrounded by a leathery protective 
shell. This provides the support that a 
living structure needs on land and also 
restricts the loss of water to the atmos- 
phere. The eggs are supplied with 
large quantities of yolk to nourish the 
developing young, and a special sac, 
the allantois,.enables oxygen and car- 
bon dioxide to pass between the 
embryo and the outside world. Each 
embryo develops in a fluid-filled sac or 
amniotic cavity, the equivalent of the 
frog tadpole’s pond. 
Except in lizards, there is usually 


little difference in the appearance of 


male and female reptiles of the same 
species. Amongst the crocodiles, for 
example the American alligator, the 
difference is merely one of size. The 
male is often larger and heavier than 
the female after about the sixth year. 
Amongst turtles there are rarely 
differences in colour and often not 
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in size, but when there are size 
differences the female is usually the 
larger, though the male has a relatively 
larger tail. In snakes the two sexes are 
very much alike, and the production 
of scent by special glands apparently 
serves as a means of recognition. It is 
among lizards, however, that striking 
sexual differences, approaching those 
of some fishes, are to be found. They 
may be permanent structural features; 
or momentary or seasonal changes in 
appearance. A male Owen’s chame- 
leon has three large pointed horns on 
its head, whereas the female has one 
only; these are permanent features, as 


RIGHT TESTIS 


RIGHT, LEFT 
TESTIS 


LEFT 
KIDNEY 


The reproductive organs of a lizard. The 
male (left) has two testes whose ducts open 
into the cloaca. The female has two ovaries 
(one only shown) that open similarly. 


are the vivid colours of the throat and 
underside of male spiny lizards. Male 
agamids and iguanids are well known 
for their ability to become momen- 
tarily brightly coloured. In the breed- 
ing season the male collared lizard 
takes on striking colours. At this time 
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Many chameleons are horned. The male 
Owen’s Chameleon has three horns while the 
female has only one. 


male lizards also defend their terri- 
tories ferociously, driving away male 
intruders by means of violent attacks. 

Since reptiles produce eggs that 
have shells, fertilization must be inter- 
nal and takes place high up in the 
reproductive system, beyond the shell- 
producing glands. Some means of 
introducing the sperm is also neces; 
sary and male reptiles have well 
developed structures serving this pur- 
pose. 

Some female turtles, snakes and 
lizards are able to store the sperm 
received during pairing. Thus several 
successive batches of young may be 
produced as the result of a single act 
of pairing. Fertilization need not 
follow pairing immediately, therefore. 
Diamondback terrapins have been 
known to lay fertile eggs four years 
after pairing has taken place, and one 
snake, Leptodeira, as long as five years 
after pairing. 

All crocodiles and turtles lay eggs, 
so far as is known. The majority of 
snakes and lizards also lay eggs, but 
others give birth to live young. The 
viviparous lizard (Lacerta vivipara) 1s 
remarkable in that it normally 
produces live young, yet over part of 


The American Alligator lays perhaps 50 

eggs ina mound of mud and vegetation. The 

mound is completely covered until the eggs 

hatch. The mother hears the young and 

opens up the nest. 
“we 
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The Frilled Lizard is an Austra- 
lian reptile which, when fright- 
ened, raises a collar of skin as a 
defence mechanism. The frill 


makes it look larger and fiercer. 


its range 
eggs. Amongst egg-laying reptiles the 
number of eggs laid varies from one to 
over a hundred. The monitor lizards 
and horned toads may lay thirty or 
more, but most lizards lay fifteen or 
less. Geckos and iguanids often lay a 


in the Pyrenees it lays 


solitary egg. Snakes (particularly 
pythons) and turtles are the most 
prolific, some snakes laying over a 
hundred eggs and some sea turtles 
producing two hundred. 

Nest building is rarely very elabor- 
ate, and more often than not a hole in 
the ground or a pile of waste vegetable 
matter will suffice, the heat of the 
fermenting mass speeding up _ the 
hatching. Female turtles are well 
known for their habit of returning to 
land in order to lay their eggs — often, 
it seems, to the same sandy beach, and 
the one on which they themselves 
hatched. Whereas some turtles deposit 
their eggs in a shallow depression and 
hardly bother to conceal them, others 
take great pains, fftst digging a deep 
hole with their flippers, before deposit- 
ing the eggs. Sand is then thrown over 
them until they are buried and the site 
of the nest is concealed by more loose 
sand. This process may be so effective 
that an onlooker has been unable to 
find the eggs after several hours’ 
digging! 

Many egg-laying snakes guard their 
eggs by remaining curled around 
them. Some put up a vigorous defence 
against intruders. It is thought that 
male and female cobras take it in turn 
to guard the eggs and there is evidence 
that one species of python actually 


> 


incubates them, having a body tem- 
perature several degrees above that of 
the surroundings. However, parental 
care in snakes goes little beyond 
defence of the eggs, for the parents 
leave the young to fend for themselves 
after hatching. 

Many females of some species have 
the habit of congregating in one place, 
to lay. The European grass snake is 
famous for this habit and sometimes 
several thousand eggs are found 


together. This snake, like many others, 


Female turtles come on land to lay their 
eggs, usually burying them in the sand of 
the shore. The young turtles are easy prey 
for sea-birds until they reach the water's 
edge. 


lays its eggs where there is an abun- 
dance of rotting plant material, the 
heat of the fermenting mass increasing 
their rate of development. 

The female American alligator 
constructs a large nest as much as seven 


feet across and three feet high. The 
nest is a mound constructed of decay- 
ing plants, freshly collected leaves and 
other vegetable matter. A hollow in 
the centre is scooped out and lined 
with mud and water plants. She 
deposits her eggs (approximately 
thirty to seventy in number), turning 
round in the hollow as she lays, and 
covers them with mud and _ other 
water plants. The whole of the nest is 
then smoothed over by the great body 
of the alligator. The nest is carefully 
guarded and even watered during dry 
weather. Incubation takes about ninc 
weeks. Sounds from the young, prior 
to hatching, provide the signal for the 
female to bite the top off the nest so 
that they may escape. 


Two male rattlesnakes in ‘combat dance’ 

a form of display conducted in front of a 
female. (Below) Snakes hatching from 
their eggs. 
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INORGANIC CHEMISTRY 


PURIFICATION OF GASES 


INCE several of the gases made in 
the laboratory are frequently col- 
lected over water, it is hardly surpris- 
ing that the products are contaminated 
with water vapour. Usually the pres- 
ence of moisture in a sample of gas 
does not affect its properties, nor are 
its reactions with other substances 
upset. There are occasions, however, 
when it is necessary for the gas to be 
dried and this can be achieved by 


passing it over substances which 
readily absorb water. 
Concentrated sulphuric acid, 


Vi : uf 
why 


FF, 


Lt? 
» 


phosphorus pentoxide, calcium oxide 
(quicklime) and anhydrous calcium 
chloride are among the compounds 
which can be used for this purpose. 
But, since several of them are quite 
reactive substances, great care must 
be exercised in choosing the best one 
for drying a particular gas. Clearly, 
the drying agent should not react with 
the gas. Thus an acidic drying agent 
like concentrated sulphuric acid must 
not be used for drying ammonia gas 
which is strongly basic. In fact am- 
monia reacts violently with concentra- 
ted sulphuric acid to yield ammonium 
sulphate: 


2NH, + H,SO, =(NH,),SO, 
ammonia sulphuric =ammonium 
acid sulphate 


Calcium oxide is found to be the most 
satisfactory substance for drying am- 
monia, and drying is certainly neces- 
sary as ammonia is very soluble in 
water. 

For similar reasons calcium oxide 
(a basic oxide) is not suitable for 
drying hydrogen chloride gas. Neither 
can phosphorus pentoxide be used, as 
the gas is slowly absorbed with the 
formation of phosphorus oxychloride: 


7230, + 3H 
phosphorus hydrogen 
pentoxide chloride 
=~ -POCI,3°.+ 3HPO, 
phosphorus _metaphosphoric 
oxychloride acid 


(= ma\ 


™ ANHYDROUS 
“i CALCIUM 
a> 5 CHLORIDE 


\ 
‘fj (DRYING AGENT) | 


SOLUTION OF 
AMMONIUM CHLORIDE & 
SODIUM NITRITE 


PORCELAIN 
DISH OF 
MERCUR 


DRY i 
NITROGEN ~ 


Concentrated sulphuric acid, how- 
ever, does not react with the gas and is 
most frequently used when moisture- 
free samples are required. 

Care must also be taken if a sample 
of dry hydrogen sulphide is required, 
since colloidal sulphur is formed when 
the gas is passed through concentrated 
sulphuric acid: 

H.S +H,SO,= S + SO, +2H,0 
hydrogen sulphuric sulphur sulphur water 
sulphide —_ acid dioxide 
Quite good drying can be achieved by 
passing the gas over calcium chloride, 
but the best results are obtained by 
liquefying the gas and then redistilling 
it. (Hydrogen sulphide condenses to 
yield a colourless liquid boiling at 
—oa:7°C). 

Solid drying agents are usually 
packed in towers or U-tubes and these 
are inserted between the vessel in 
which the gas is actually made and the 
collection apparatus. If concentrated 
sulphuric acid is used it may be placed 
in a wash bottle, so that the gas is 
dried as each bubble rises through 
the acid. However, such an arrange- 
ment tends to create acid droplets 
which are carried along with the dry 
gas. A more satisfactory alternative 1s 
to soak lumps of pumice (porous rock 
of volcanic origin) in the concentrated 
acid and to pack the pieces in a drying 


tower. 


_ Preparation of Dry 
Nitrogen 

After making the gas by warming a 
solution of ammonium chloride and 
sodium nitrite, it is dried by 
passing it through a U-Tube con- 
taining calcium chloride. The 
nitrogen is collected over mercury 
in a special porcelain dish. 


the reactants in such a way that the 
reaction does not proceed too vigor- 
ously. The problem is most serious in 
preparations using hydrochloric acid, 
since the heat of reaction alone may be 
sufficient to vapourize the acid. 
Unless the gas itself is soluble, the 
acid may be removed from it by bub- 
bling the gas through water. This is 
particularly important in the prepara- 
tion of chlorine gas by the action of 
manganese dioxide on concentrated 
REMOVE ANY CONTAMINATED hydrochloric acid. If a gas is collected 
CHLORIDE. ies over water (or brine in the case of 
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DRY CHLORINE 


i 
Preparation of Dry Chlorine 


CHLORIDE 
APOUR 


Hydrogen chloride vapour is set free when chlorine is prepared by the action of con- 
centrated hydrochloric acid on manganese dioxide. This acid vapour may be removed by 
bubbling the gas through water before it is dried by passing it up a tower containing 
lumps of pumice soaked in concentrated sulphuric acid. As chlorine attacks mercury it 


is collected by upward displacement of air. 
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Once a gas has been dried by one of 
the methods suggested above, it would 
be foolish to collect samples over 
water. One alternative is to collect 
the gas over mercury, provided that 
there is no reaction between the two 
~— chlorine, for example, attacks mer- 
cury and mercuric chloride is formed. 

Not only is mercury expensive, it is 
also dense, so it is not practicable to 
replace the water in an ordinary 
pneumatic trough with mercury. 
Troughs made of porcelain have been 
designed with this problem in mind, 
and are specially shaped so that a shelf 
to support the gas jar is an integral 
part of the trough. Alternatively, if 
contamination with small quantities 
of air is permissible, the gas may be 
collected by upward or downward dis- 
placement of air depending upon the 
relative densities of air and the gas. 

Water is, perhaps, the contaminant 
to be found most frequently in the 
gases prepared in the laboratory and 
will invariably be present in a sample 
if there is water in the reaction vessel. 
Water may be there as the solvent for 
the sulphuric acid in the preparation 
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of hydrogen, or may be a by-product 
of the reaction as in the preparation of 
ammonia. 

Contamination of a sample by sub- 
stances other than water is in many 
instances a direct consequence of using 
reactants which themselves contain 
impurities. Clearly, one way of over- 
coming this problem is to use only 
those reactants which are available 
in a high state of purity. This may 
even mean abandoning the usual 
laboratory method of preparation for 
a more sophisticated one if this yields 
a product of better quality. 

Thus hydrogen is often obtained by 
the action of a dilute acid on zinc 
or magnesium, but the best method of 
obtaining very pure hydrogen is to electro- 
lyse a solution of barium hydroxide. 
After traces of oxygen and carbon 
dioxide have been removed and the 
gas dried, hydrogen is adsorbed on to 
pieces of palladium foil from which it 
can be regenerated by heating. 

Another common source of con- 
tamination is acid spray or acid 
vapour. This may be reduced, though 
not altogether eliminated, by mixing 


chlorine) it will probably be free from 
acid, since the gas bubbles will have 
passed through the water in the pneu- 
matic trough. However, if the gas were 
required dry, this source of contamina- 
tion could be easily overlooked, since a 
different method of collection would 


be used. 


Diagram of apparatus in which very pure 
hydrogen is prepared. The gas which is 
obtained: by the electrolysis of barium 
hydroxide solution contains traces of oxygen, 
carbon dioxide as well as water vapour. 
First oxygen is removed by passing the gas 
over hot platinum gauze, then the carbon 
dioxide combines with the potassium hydr- 
oxide. Moisture is absorbed by the phos- 
phorus pentoxide crystals, and finally the 
pure hydrogen is adsorbed on to the 
palladium foil. 
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| MEDICINE | 


Insects that 
Transmit Diseases 


VER since man became a social 
animal, gathering together to live 
in communities, the medical problems 
of combating germ-caused disease 
have increased. Today our troubles 
are added to by the ever-increasing 
ease of communication between once 
isolated parts of the world. Wherever 
man lives with his fellows in large 
numbers, the problems of providing 
clean food, adequate sewage disposal 
facilities, household refuse collection 
services and so on, are considerable. 
Many of these facets of our life provide 
habitats for disease-causing organisms 
(pathogens) and breeding grounds for 
insects, a number of which are respon- 
sible for spreading disease. The or- 
ganisms that cause malaria, yellow 
fever, dysentery, sleeping sickness, fil- 
ariasis, bubonic plague, typhus. polio- 
myelitis, kala-azar, and yaws are 
among those carried by insects. 

From all kinds of dirt, refuse, 
sewage, badly drained soil etc., insects 
are contaminated by pathogens. These 
may be picked up by their feet or 
other parts of the body as they crawl 
over the infective source, by the 
mouthparts during feeding or they 
may be swallowed. When the insects 
frequent places where food is kept or 
when they come into contact with 
humans, the pathogens may then be 
passed on. Blood sucking insects (e.g. 
mosquitoes) may take in pathogenic 
organisms while feeding upon an 
infected person. When they feed again, 
the pathogens may be passed on to 
someone else. 

The many kinds of insect each have 
their own way of life - their food, 


Sprays, although valuable 
for reducing insect popula- 
tions, must be used with 
great care. Many areas have 
already been deprived of 
useful and attractive insects 
because of wholesale sprayed 


ing. : a 


> —s"" x 
> ~ «a } 
4 ; 


habitat, and life cycles may differ 
considerably. Thus some are carni- 
vores, preying upon and eating other 
animals; others are herbivores or 
scavengers, and many live as parasites, 
permanently on, or in close association 
with, hosts. The manner in which 
they feed also differs considerably. 
Thus some have piercing mouthparts 
that penetrate animals and plants in 
order to suck up their juices; some 
have biting mouthparts and others 
merely suck up their food. The adults 
may only come out at night (e.g. cock- 
roaches), hiding in dark, moist places 
during the day time. Some adults are 
long-lived, others live for only a few 
days. The larvae of some live in water, 
others in the soil or in plants or 
animals, and others under decaying 
vegetation. 

Obviously then, if an insect is con- 
sidered to be a carrier or vector of 
disease-causing organisms, all aspects 
of its life and anatomy must be known 
thoroughly. The parts of the body that 
carry the pathogens must be investi- 
gated; the life cycle of the pathogen 
within the body (in appropriate cases) 
must be studied; any other animals 
that can act as temporary carriers 
must be discovered. Only when these 
and numerous other facts are known 
can adequate control measures be 
formulated. Possible breeding grounds 
can be eliminated, and contact be- 
tween the insects and man can be 
reduced by using repellant creams and 
the placing of nets over beds. The use 
of insecticides may also eliminate or at 
least reduce the insects to a more 
tolerable level. 
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Cockroaches. These/insects, with 
their biting and chewing mouthparts, 
feed on a great variety of materials, 
showing a preference for starchy and 
sugary substances. They leave behind _ 
traces of partly digested food and faeces 

which may be contaminated with = 
pathogensos | Solem shiteigte tgs’ | 
Entamoeba (an Amoeba-like pro- , e 
tozoan causing dysentery), many 
species of bacteria and strains of polio- 

virus have been found on wild cock- 
roaches. Cleanliness in food stores and 

the like is most important in keeping 
cockroaches down — they hide in dark, 

moist cracks etc. Many strains of 
cockroach are resistant to insecticides 

and control by chemicals is not always — 
easy. This applies to many other in- 

sects too. Improper use of chemicals — : 
only increases the resistance of the 
insects. R 

Beetles. These make up the largest 

insect group, yet they are relatively 
unimportant medically. Many species 

(e.g. Cockchafers) harbour parasitic 
worms. t) 


Bugs. This group includes the bed- 
bugs and assassin-bugs. The former are 
blood-sucking insects some of which 
attack man. Experimentally, the bed 
bug (Cimex lectularius) can transmit the 
pathogens of plague and some other 
diseases, but there is no evidence that 
it does so in the wild. Some of the 
assassin-bugs are blood-suckers. In 
South America Panstrongylus and Tri- 
atoma are responsible for transmitting 
the trypanosome of Chagas’ disease, 
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characterised by swelling of the eye- 
lids and face. The organism is dis- 
tributed in the faeces of the insect 
which can be controlled by disinfection 
of living quarters with benzene hexa- 
chloride (BHC). 

Lice. The pathogens of such diseases 
as epidemic relapsing fever, typhus 
fever and trench fever are carried by 
lice. The head louse (Pediculus humanus 
capitis) is a particular pest, causing 
severe irritation of the skin through 
constant biting. It transmits pathogens 
of relapsing fever and typhus. Special 
dusting powders are applied to cloth- 
ing etc., to control the louse. Biting 
lice may transmit tapeworm bladders 
from dogs to humans. 


Flies. The true flies (Order Diptera = 
two-winged) are the most important 
insects from the medical viewpoint. 
Certain black flies transmit the worm 
Onchocera which causes onchocerciasis 
in parts of Africa and southern and 
central America. A high percentage of 
the victims of this disease become 
totally blind. Sandflies carry the virus 
of sandfly fever and the protozoan that 
causes Kala-azar, a disease that is fatal if 
untreated. Flies of the genus Phleboto- 
mus are particularly important. The 
bites of the insects are extremely 
painful and sometimes have fatal 
results. The larvae breed in streams so 
that adequate stream sanitation is im- 
portant in their control. D.D.T. is 
effective in minute concentrations 
when poured into streams, and aerosol 
spray controls adults on land. 
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Mosquitoes are the most important 
flies from a medical viewpoint, and they 
also cause great economic losses. They 
are the only carriers of the organisms 
causing the several kinds of malaria, 
yellow fever, and dengue fever. Only a 
few years ago it was estimated that 200 
million of the world’s inhabitants were 
suffering from malaria. Female mos- 
quitoes are blood-suckers. They pass on 
pathogenic organisms to their hosts 
during feeding. Mosquitoes are par- 
ticularly abundant in the tropics and 
sub-tropics but they are also found in 
temperate and northern polar regions. 
Their larvae live in water. One means 
of control therefore is to drain swamps 
and ponds so that breeding grounds are 
eradicated. The widespread use of 
D.D.T. spray over breeding grounds, 
in houses and so on has proved an 
effective control, but the development 
of resistant insects and the harmful 
effect on other living things make 
D.D.T. less acceptable now. A pyre- 
thrum-oil emulsion is also effective and 
is less harmful to other forms of life. 
Stocking ponds with fish such as the 
top minnow generally reduces the 
number of mosquitoes. 


Mosquitoes also transmit the patho- 
gens of Rift valley fever and the larvae 
of the nematode worms that cause 
filariasis. 

Female Deer flies and horse flies 
(Tabanids) have painful bites. There is 
evidence that some species transmit 
the anthrax bacillus and several harm- 
ful worms. Eye gnats have been shown 
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to carry Treponema, the organisms of 
yaws. Houseflies and related insects 
(e.g. blow flies) are important vectors 
of disease causing organisms. Sterile 
foods over which flies have been 
allowed to walk, soon show growths of 
bacteria, particularly staphylococci. 
They may also transmit anthrax bacilli 
and the pathogens of typhoid, para- 
typhoid, inflammation of the intestine, 
cholera, yaws, tuberculosis and polio- 
myelitis. This is not surprising since 
flies have filthy habits, feeding and 
breeding on decaying matter, manure, 
rubbish and other waste. They un- 
undoubtedly deposit the pathogens 
when they crawl over human food. 
Efficient sanitation and disposal of 
household refuse is of prime import- 
ance in their control. 

Tsetse flies inhabit an area of tropical 
Africa of almost 5 million square miles. 
Both males and females feed on blood. 
They not only carry the trypanosomes 
of sleeping sickness in man, but also 
affect his animals — especially cattle. It 
is impossible to herd cattle in some 
parts of Africa because of these flies. 
Many wild animals harbour sleeping 
sickness trypanosomes so that the 
control of the disease is difficult. D.D.T. 
and benzene hexachloride are applied 
over the habitats of the adults, and 
clearing of scrub by mechanical means 
or by burning has been tried. 


Fleas are important as carriers of 
Pasteurella, the causative organism of 
plague. D.D.T. applied as a ten per cent 
dust is effective. 
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HE radio signal reaching a radio aerial is an electro- 
magnetic wave. It is a mixture of two different kinds 
of wave — the wave to be turned into the audible message, 
and the radio-frequency wave which carries the message. 
The radio wave vibrates up and down a few hundred 
thousand times each second, (i.e. its frequency is a few 
hundred thousand cycles per second). The signal repre- 
senting the audible message vibrates much more slowly 
(having a lower frequency of anything from 20 to 20,000 
cycles per second). 
At the aerial the waves are converted into surges of 
current. As the signal passes through the various stages of 
the set, the radio-frequency part of the wave is removed, 


leaving the audio-frequency part, and the signal is ampli- 
fied so that it is capable of being turned into an audible 
sound by a loudspeaker. 

But there may be many different signals reaching the 
aerial from different transmitters, and the set must be 
capable of selecting just the one required. This means that 
it must be able to select a particular radio-frequency. It is 
found that the higher the frequency of the signal, the more 
difficult it is to separate it from signals of similar frequen- 
cies. The job of the super-het part of the super-het receiver 
is to make the separation easier by lowering the frequency of 
the radio frequency part of the signal (heterodyning). This is 
done in the first stage of the radio receiver. 

The Transistor Amplifies the Radio Signal 

The radio signal comes straight from the aerial, via a 
capacitor, to the base of the transistor. Just before it gets 
to the transistor, it meets the direct current coming down 
from the negative terminal of the battery into the base. In 
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The transistor amplifies the radio signal 


places, the radio signal current adds to the direct current, 
and in places, it cancels it out. So the base current now 
becomes a varying current. The variations are amplified 
by the transistor, because the much larger current flowing 
from emitter to collector is very sensitive to changes in the 
base current. 

The transistor feeds the oscillations 

Amplification is just one of the things this transistor is 
doing. It is also helping to keep going electrical oscillations. 
These are the oscillations which are to be mixed with the 
radio signal, to heterodyne it. 

As soon as the battery is connected, a surge of current 
flows from the negative battery terminal, down through 
the coil to the collector. The coil is in fact the primary coil 
of a transformer. The surge of current through the coil 
causes a rapid build-up of magnetic field around the coil, 
and the surge is passed, by means of the rapidly changing 
magnetic fields linking the coils, to the secondary coil. 

Current surges from the secondary coil to the capacitor 
in this circuit. Charge builds up on the capacitor plates, 
which shortly afterwards start to discharge again through 
the coil. Field builds up a second time around the coil and 
as it starts to die down again, a second surge of current 
rebuilds the charge on the capacitor plates. The current 
continues to surge to-and-fro from coil to capacitor — it 
is in fact oscillating with a particular frequency and the 
circuit is called a tuned circuit. The number of times the 
current surges to-and-fro each second (its frequency) is 
governed entirely by the capacitance of the capacitor and 
the inductance of the coil. The frequency in this radio set will 
be around 1,000,000 cycles per second (the usual frequency 
unit for this purpose is the kilo-cycle, (kc) which is equal 
to one thousand cycles. So the frequency of the oscillations 
is around 1,000 kc/s). 
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If this were all that was happening, the oscillations 
would rapidly die down. Their surging to-and-fro around 
the circuit would stop because their energy would be 
eaten up in overcoming the resistance of the coil (no 
components can be made completely free from resistance). 

But the coil of the tuned circuit is also linked with a coil 
leading to the emitter — in fact all three coils are wound 
together in the same transformer. The current surge which 
first appeared in the coil connected to the collector is now 
reflected into the emitter. 

Signals entering the emitter of a transistor are automati- 
cally amplified. This is not quite like the current amplifi- 
cation of the signal entering the base. It is in fact amplified 
because of the peculiar effects of the electrostatic forces 
acting at the junctions between one part of the transistor 
sandwich and another. 

So as soon as the surge is received at the emitter, a much 
larger amplified surge passes through the coil connected to 
the collector. The transistor is effectively pumping energy 
back into the tuned circuit, for it supplies this surge at just 
the right moment to sustain the oscillations within the 
tuned circuit. 

The transistor mixes (heterodynes) two signals 

Two oscillating currents are arriving at the transistor. 
One is the radio-frequency current reaching the base (its 
frequency is about 600 kc/s). The other is the oscillating 
current being pumped around the tuned circuit by the 
transistor. It goes right through the transistor, and its 
frequency is about 1,065 kc/s. The two oscillations are 
mixed in the transistor (heterodyned), and the frequency 
called the intermediate frequency of the mixed signal is equal 
to the difference in frequency between the two signals. So 
its frequency is about 465 kc/s (1,065—-600). 


BASE The Transistor Amplifies 
Current 


A transistor is a sandwich of three 
parts — emitter, thin base in the middle, 
and collector. The battery pushes 
direct current through the sandwich. 
It is made so that a tiny current pushed 
in through the base has the effect of 
filling up the holes, and preventing the 
flow of the much larger emitter-to- 
collector current. A small change in 
one current produces a much larger 
change in another current. This is what 
is meant by current amplification. 
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The Heterodyne Principle 


If two keys close together on a piano are struck simultaneously, the sound produced 
rises and falls to give a throbbing effect. The reason for this throbbing (or ‘beating,’ as 
it is called) is the interference of sound waves of one note with sound waves of the other 
note. Sound waves are series of ‘pushes’ and ‘pulls’. When ‘push’ of one note coincides 
with ‘push’ of the other, the two notes reinforce each other, and a loud sound is heard. 
But when ‘push’ coincides with ‘pull’, no sound is heard, for the two waves cancel each 
other. When two notes are of different frequencies, the ‘pushes’ of one cannot always 
coincide with the ‘pushes’ of the other, since they are bound to occur at different 
intervals. However, the ‘pulls’ and ‘pushes’ of the note with the higher frequency do 
catch up with the less frequent ‘pulls’ and ‘pushes’ of the other note from time to time. 
Where they coincide, an increase in loudness results — hence the throbbing effect. The 
number of the throbs or beats which occurs in one second is equal to the difference 
between the frequencies of the two notes. 

Just as two sounds will interfere with each other to produce ‘beat’ notes, so two 
alternating electric signals (which can also be thought of as a series of ‘pulls’ and ‘pushes’) 
will produce a similar effect when mixed together. The resulting signal alternates with a 
frequency equal to the difference in frequency between the two original signals. This is the 
principle of ‘heterodyning’. It is found that heterodyning the signal makes it far easier 
to separate one signal from another. 
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Tuning the set 


One radio signal is selected from the great many different signals broadcast by acing 
a capacitor connected across pe of the aerial circuit. Coil and capacitor form a tune 
circuit, designed to filter off all the unwanted signals to Earth, letting only the required 
radio signal reach the transistor. By varying the capacitor, the set can be ‘tuned’ to 
accept signals of different frequencies. AGE Stier 2 j 

The super-het receiver is designed to deal with just one intermediate frequency 
(usually 465 kc/s) after this first stage. So no matter what the frequency of the signal 
selected at the aerial, the difference in frequency between it and the oscillations pro- 
duced by the oscillator must always be 465 kc/s. Whenever the capacitor in the aerial is 
adjusted so that a different signal (say 800 kc/s) is allowed through, the capacitor in the 
tuned circuit must also be adjusted so that the circuit oscillates at a frequency 465 kc/s 
higher (i.e. 1265 kc/s). Since both the capacitors must be adjusted at the same time, they 
are what is called ‘ganged’ together. By twisting just one knob, both of them are adjusted 
by the right amount at the same time. ; 
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